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A flywheel for stabilizing space vehicles

J. P. Reinhoudt

In the past huge “flywheel” devices have been used to stabilize ships at sed for the greater
comfort of the passengers. A refined form of this stabilizing effect can now be applied, for
rather different reasons, in unmanned space-craft.

A space vehicle in orbit is usually required to take up
a definite attitude and to maintain it with a certain
accuracy. This may be necessary, for example, to keep
a telescope on board the vehicle accurately trained on a
star, or to keep an aerial accurately trained on a trans-
mitter or receiver stationed on the Earth, as in com-
munication satellites.

Attitude stabilization can be brought about by means
of an active attitude control system (passive control,
using fields of force in space, will not be considered
here). In this system a sensing system continuously
observes the attitude of the vehicle; if the system detects
an excessive deviation, caused by disturbing torques
acting on the space vehicle, the attitude is corrected,
for example by means of small control rockets.

Now although these outside torques generally fluctu-
ate quite considerably, their mean values are relatively
low. This makes it possible to keep the attitude of the
vehicle practically constant with the aid of the gyro
effect: a flywheel rotating in bearings rigidly attached
to the vehicle gives the whole vehicle a resistance to
changes in attitude which is proportional to the angular
momentum of the wheel. This smooths out the attitude
variations caused by the torque fluctuations, so that
the control system only has to correct the effect of the
mean disturbing torque. Another advantage is that the
error in attitude will not become too great even though
the sensing system is inoperative in certain parts of the
orbit (e.g. when traversing the Earth’s shadow).

When the direction 'of the axis of the flywheel is held
constant in space, the vehicle can still be rotated about
this axis. Continuous attitude correction will also be
necessary for this degree of freedom, in order to keep
a telescope or aerial properly directed. This correction
can be effected by means of the reaction moments oc-
curring when the angular velocity of the flywheel is in-
creased or reduced. It is then left to a second, coarser

Ir. J. P. Reinhoudt is with Philips Research Laboratories, Eind-
hoven.

system, using control rockets, to ensure that this angu-
lar velocity does not in the long run become too high
or too low. ’

In what follows we shall not be concerned with the
problem of stabilization as such ', but with the design
of the flywheel used for stabilization.

Closer examination of the flywheel design problem
shows that everything turns — literally and figuratively
— on the bearings. The advantages of an active attitude
control system using a flywheel are particularly appar-
ent in space vehicles that have to operate for a long
period, but in such cases the flywheel must be exception-
ally reliable in operation, and this depends critically -
upon the bearings. For communication satellites a
working life of five years is already being contemplated.
During this very long period the bearings must show
no perceptible wear, and moreover they must be capable
of withstanding the very large accelerations and vibra-
tion to which they are subject when the space vehicle is
launched.

Extensive investigations carried out at Philips Re-
search Laboratories in Eindhoven have shown that a
grease-lubricated hydrodynamic bearing system is ex-
ceptionally well suited to this application. In hydro-
dynamically lubricated bearings (contactless bearings)
the bearing surfaces are completely separated during
rotation by a thin film of lubricant, so that no méchani-
cal wear occurs and a very long life can be achieved [2].
The use of grease as lubricant has notable advantages
over oil or gas in this respect. If gas isused there will be
starting difficulties as there can be no question of the
bearings being “contactless” when the wheel is first set
in motion; and a gas-lﬁbricated bearing may easily
suffer damage when the vehicle is launched. If the lubri-
cant used is oil, it is difficult to prevent the leakage of
oil from the bearings before the wheel is set in motion
(which is not until after the launching). Grease does
not have these disadvantagesi its consistency keeps it
in the bearing, its buffer action protects the bearing
from damage during launching, the starting torque -
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needed is not much greater than the small frictional
torque during normal rotation, and the bearings can
be designed so that the grease does not escape when
the flywheel is spinning, which means that the bearings
never need to be re-lubricated. This has been borne
out by many experiments on greased bearings per-
formed at these Laboratories [3).

In view of some of the factors quoted above it appears to us
that ball bearings might not be very promising for this applica-
tion. The risk of damage to ball bearings during launching is very
real, and it is difficult to predict with any accuracy their useful
life in uninterrupted operation. It would seem that a life of sever-
al years could only be obtained with ball bearings if the speed of
revolution is relatively low, and that this condition would make

the total mass of the flywheel system much greater than in the
system we have designed.

The starting point in designing the flywheel is the
angular momentum H, for which values of 10 to
30 Nms are required at the present time. From the
equation '

H=const. X mR>w . . ... (D)

it can be seen that for a given H the mass m of the fly-
wheel can be kept small — this is obviously desirable —
by making the effective radius R large or the angular
velocity w high. However, as will presently be shown,
both measures call for more power and hence for a
larger energy source for driving the wheel. Moreover,
a larger R entails a larger and heavier housing for the
wheel. Both R and w must therefore be chosen so as to
minimize the total mass of flywheel, housing and driv-
ing gear and energy source.

Various forms of flywheel and bearings have been
designed and built in our Laboratories. Fig. I shows a
simplified cross-section of a design for a wheel with an
angular momentum of 20 Nms, which has an optimum
speed of 1600 r.p.m. The wheel rotates on a shaft
fixed at one end. The drive comes from an electric motor
whose rotor forms a single assembly with the hub of the
wheel. The wheel with bearing system and motor are
contained in a housing filled with helium under low
pressure (0.1 bar). Fixing the shaft at one end has the
advantage that the housing can be made relatively
light: it has no load-bearing function but simply

[ A detailed treatment of this problem will be found in S.
Glasstone, Source book on the space sciences, Van Nostrand,
Princeton N.J. 1965, pp. 206-228. )

The principle of these bearings has been discussed by E. A.

Muijderman, New forms of bearing: the gas and the spiral

groove bearing, Philips tech. Rev. 25, 253-274, 1963/64. See

also E. A. Muijderman, Spiral groove bearings, thesis, Delft

1964,

I3 For a special design, see G. Remmers, Grease-lubricated spiral
groove bearing for a straight-through shaft, Philips tech. Rev.
27, 107-108, 1966. :

41 W. Radziwill, A highly efficient small brushless d.c. motor,
Philips tech. Rev. 30, 7-12, 1969 (No. 1).

(2

=

FLYWHEEL FOR STABILIZING SPACE VEHICLES 3

provides the hermetic seal which is required when it is
not desirable for the flywheel to operate in a vacuum
for a long time.

The electric motor is of course also required to have
a very long life, and in addition a sufficiently high
starting torque, and a high efficiency (to limit the
weight of the energy source needed). Its speed should

Fig. 1. Simplified cross-section of a flywheel, designed for an
angular momentum of 20 Nms at an optimum speed of 1600 r.p.m.
A shaft, fixed at one end to the body S of the space vehicle.
W fiywheel. H housing. Stat stator of electric motor. The flange F
constitutes the thrust bearing for both directions of thrust, B:
and B; are the journal bearings, all grease-lubricated.

be readily adjustable to give the variation in angular

~ velocity, which, as we have seen, corrects for rotations,

of the space vehicle around the axis of the’flywheel.
A motor which, goes a long way towards heeting these
requirements is described in a separate article in this
issue [41. o
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A highly efficient small brushless d.c. motor

W. Radziwill

The application of electronic devices has not only led to new techniques, such as radio,
television, and the like, which have left their mark on our entire civilization, but their
influence is now beginning to change the face of classical electrical engineering as well.
Converters, motors and other types of equipment can be made much more versatile with
the aid of electronics and often their performance can be considerably improved.

The commutator of a conventional d.c. motor can
be regarded as a system of controlled switches which
reverse the voltage across the armature coils at certain
positions of the rotor. Since the commutator segments
have a fixed position in relation to the coils of the ro-
tating armature, and the brushes have a fixed position
in relation to the poles of the stator, the switching is
always bound to occur at the right moments.

In small, fast-running machines the wear caused by
friction and sparking limits the life of the commutator

to a few thousand hours under normal conditions, and

possibly to a few minutes at very low pressure. A lon-
ger life without maintenance becomes possible if elec-
tronic switching elements are used instead of the me-
chanical commutator. To control these switches in the
correct phase, however, the motor must be provided
with a device which senses the position of the rotor,
without using mechanical contacts, and which gives
a position signal from which a suitable control signal
is then obtained.

Switching systems of this kind, known as electronic
commutators, and based for example on optical or
magnetic methods of sensing the position of the rotor,
have been known for some time [11. In all such systems
there is a clear distinction between two functions: po-

sition sensing with information processing, and the .

actual power switching by the commutator. This divi-
sion of function has the fundamental consequence
that the power switching can be carried out instead
by a position sensor, i.e. depending on the position of
the rotor, by a switching device whose operation

can be controlled by any variable that one may choose
The special problems related to this approach have
been studied intensively in the last six years at the Phi-
lips laboratory at Aachen. We shall confine ourselves
here to electronic commutation that depends on the po-
sition of the rotor. This case corresponds with the basic
concept of the classical d.c. motor, whose good speed-
control capability and high starting torque have given
it considerable importance in electrical engineering.

Our investigations concerned with the ‘commutator
circuit and the design of the motor were mainly di-
rected towards achieving the highest possible efficiency.
We were able to obtain values considerably in excess
of the usual 30 to 509 obtained with normal motors
(with powers of the order of a few watts). One of the
results of our work is the motor described below, which
can be designed for a rated power of up to about 20
watts and whose overall efficiency can reach 80 ). Fig. 1
shows an experimental model of such a motor with its
commutation system. -

The principal applications of these motors are to be
found (for the present at least) in air and space travel,
where great reliability and an exceptionally long life
without maintenance are very important. The advan-
tagé of the very high overall efficiency may also be of
vital significance in this field, since it permits a consider-
able saving of weight in the energy source; the weight of
the motor with its control system is not appreciably
greater than that of its predecessor with brushes. An
interesting application in'space techniques is for driving
a “flywheel” with speed control for stabilizing a space

Dipl.-Ing. W. Radziwill is with the Aachen laboratory of Philips
Zentrallaboratorium GmbH.

(11 See for example Philip A. Studer, Development of a brush-
less d.c. motor for satellite application, NASA Technical
Note D-2108, 1964, and W. Yates and R. E. Skamfer, Brush-
less d.c. torque motor, NASA-CR-59771, 1964.
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switching sequence we have adopted and which has
been found to be the most suitable for both theoretical
and practical reasons, is given in Table I. The total
angle 27 is divided into eight parts d;, not all of the
same size; the position sensor has to tell these parts
from each other and make the eight transistors 7177"...
T4T4’ conducting (0) or non-conducting(1) as shown for
each angular division in Table I. The effect of this is a
kind of stepped rotation of the armature energization,

Table I.
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Fig. 6. Balanced arrangement of the switching units shown as 4
and B in fig. 2b. They include PNP and NPN transistor stages
Th\T1' ... TsT4, and diodes connected in parallel opposition.
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which by interaction with the rotating field of the rotor
produces a torque that is always positive and fluctuates
only slightly with the position of the rotor. The angular
divisions J; are assigned the values 01 = d3 = d5 =
d7 = @/6 and s = 04 = d¢ = ds = =/3. This corre-
sponds to the design of the position sensor indicated in
fig. 3, with a magnet sector that covers 240°. From the
columns_of Table I we can now see how the applied
armature voltage varies with time. Thus for example
coils 1 and 3 are connected via T7 and T3’ to the battery
voltage Up in one polarity during 120° of rotation of
the rotor, are then switched off for the next 60° and are
then connected via T1’ and T3 to tlie voltage Uy in the
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|

T 360° '
S5 S :83: 5, :85: 5 :87: 5 )

Fig. 7. The voltage waveform applied to the armature coils
1...4 by the switching units. Each time after switching off and
before switching on again with the opposite polarity, the applied
voltage is not defined. The windings are connected (fig. 24) in
such a way that the voltages across I and 3 are 180° out of phase
with each other, as are also the voltages across 2 and 4.

opposite polarity for another 120°, and so on. Fig. 7
shows the waveform of the voltage across the coils
1...4.

We shall see below that this waveform is particularly
suitable. The switching pattern adopted to give this
waveform and shown in Table I also has the special ad-
vantage that the transistor pairs 77 and T3, Tz and Ty’,
etc. are always switched on or off simultaneously: each
pair can therefore be controlled by a single driving stage
(fig. 8). In the circuit shown here, which has been kept
deliberately simple, the high-frequency signal is demod-
ulated by the emitter-base diode of the appropriate

Fig. 8. Circuit of the combined demodulator and control stages.
The pattern adopted for switching the coils allows each pair of
power transistors 171" . . . TaT4 (see fig. 6) to be controlled by
a common driving stage.
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driving transistor. For smoothing the low-frequency
control current an external capacitance is used between
emitter and collector, which at the same time can make
the edges of the driving signal less steep if necessary to
avoid radio interference from the power-switching tran-
sistors. Further filtering of the residual high-frequency
components is not necessary since the armature coil
itself makes a very good low-pass filter.

The waveform in fig. 7, which is applied by the elec-
tronic commutator to the armature coils, is particularly

suitable because the current contains no harmonics of

order divisible by 3. The following shows that this is
very important if high efficiency is desired.

Of the current / and the induced voltage ¢ in each of
the m armature coils (in = 4), only the harmonics with
the same frequency can contribute to the power delivered
by the motor. This power, at a speed of n = w/2m, is:

2z

/ ‘ ei d(wt),

0

m
Po=_

27 (1)

and the above statement is at once evident if the inte-
grand is expressed as a series. Since the flux density is

SMALL BRUSHLESS D.C. MOTOR
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cuit. Since the induced voltage contains only the fun-
damental, all higher harmonics in the current are attrib-
utable only to the applied voltage — provided there
is no saturation in the iron of the stator — and, as
equation (1) shows, can therefore only make a contribu-
tion to the losses. If, instead of the waveform shown -
in fig. 7, a square wave were applied (with energization
during 180° in each half-period), then the contributions
from the third, ninth, and fifteenth harmonics, etc.
alone would account for about 509/ of these losses.
We should add for completeness that the current
waveform that must be known for equation (1) cannot
yet be derived when only the waveform of the applied
voltage (fig. 7) and the opposing induced voltage (equa-
tion 2) are known. During the periodic switching-off of

" the voltage across them the coils remain connected to

the battery voltage for a short time via the parallel-
connected diodes. The polarity depends on the direction
of the current at the moment of switching-off, and the
time that the connection lasts is determined by the
magnitude of the current at that moment (and by other
factors). Depending on the loading of the motor (full
load, no load, braking, starting) very different situations

U | Ng| L

OWI

I(V) (mVﬁ)(mH)l w'
12
5
2
2

335(277)+13°
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40 [395(+13°
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Fig. 9. Theoretical curves of the torque M and the power consumption P, (not considering the
electronic components) as a function of the speed » for various values of some of the charac-
teristic parameters. L is the inductance of the series arrangement of coils  and 3 or 2 and 4.
The resistance R of this series arrangement was 10.5 Q in all cases.

distributed sinusoidally along the circumference of the
rotor, the induced voltage at a constant angular veloci-
ty w is given by:

e = oNDsin (wt + p). .. @

Here N is the number of turns of one coil, @ the maxi-
mum enclosed flux from the rotor, and u the phase
lead of e with respect to the instant of switching-on of
the voltage applied to the coil by the commutator cir-

are thus found, and the behaviour of the system cannot
be described with simple equations. The theoretical
torque M and the power consumption P; have there-
fore been calculated with an electronic compuier asa
function of speed, for various values of the characteris-
tic parameters. Some of the resultant characteristics
are shown in fig. 9. Fig. 10 gives measured values for M
and thé efficiency 5. For comparison the corresponding
theoretical curves are shown; unlike the curves in fig. 9,
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. /30 - 100% these curves include the iron losses and the power con-

x ,58_ 1s0 sumption of the position sensor. Only the friction los-_

g0l 50 ses, which are not readily reproducible, have not been

M n  takeninto account. It can be seen that in this particular

T 70r 170 T case an efficiency of 759, was obtained at the optimum

60r -{60 speed.

50+ 450
401 140
30+ 430

20 420 Summary. The function of the conventional commutator in a

Up=12V d.c. motor can be performed instead by an electronic device,

10 yv=115° 110 giving a motor that will operate for a very long time without

0 , , . , , maintenance. A motor is described that can be built for a rated

0 1000 2000 3000 4000 5000 min! 0 power of up to about 20W and in which the commutation is con-

—»n trolled by a magnetic position sensor that takes very little power.

Fig. 10. The points joined by dashed lines give measured values
of the torque M and the efficiency 7, the solid curves give the
corresponding theoretical values. Efficiencies up to 75% were
achieved in this case.

The state of the sensor is scanned at a high frequency. The
armature coils are energized by means of power transistors,
which are controlled by the position sensor in a switching pattern
that gives virtually no harmonics of order divisible by 3 in the
armature current. As a result of this and other features of the
design the overall efficiency of such a motor can reach 80 9.
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a-particle spectrometry with semiconductor detectors

W. K. Hofker, K. Nienhuis and J. C. Post

The low ionization energy of silicon and germanium makes semiconductor diodes of these
materials very suitable as detectors of the ionizing radiation emitted by radioactive sources.
Semiconductor diodes are therefore in general use for detecting the various forms of this
radiation. Some time ago the operation and distinctive features of semiconductor detectors
were dealt with in this journal. The article below deals in greater detail with their use for
the detection and energy measurement of particle radiation: a-particle spectrometry is a
useful example for demonstrating the practical requirements to be met by semiconductor

detectors.

Semiconductor detectors, with their various features
that make them specially suitable for the detection of

ionizing radiation, have largely superseded the older,

types of detector like the ionization chamber and the
scintillation counter. This was discussed at some length
in a previous article in this journal (11, The applications
of semiconductor detectors today include the detection
and energy measurement of charged particles (a- and
p-radiation, protons, deuterons, tritons and heavier
particles) as well as of electromagnetic radiation (-
radiation). As an example of an application for charged-
particle studies we shall describe here the use of a semi-
‘conductor detector for measuring the energy spectrum
of a-radiation, showing in particular how the detector
is adapted to meet the requirements of this applica-
tion. At the end of this article a complete a-particle
spectrometer will be discussed.

Sources of a-radiation are radioactive nuclides of
high atomic number. Some of these nuclides occur nat-
urally, but a greater number are obtained artificially
by the irradiation of atomic nuclei. Since the energy
of the emitted a-particles is characteristic of the emit-
ting nuclide, it is possible to find out which nuclides
are present in the radiation source by measuring the
-energy of the a-particles. The importance of this in

Ir. W. K. Hofker, of Philips Research Laboratories, is with the
Institute for Nuclear Physics Research (IKO) in Amsterdam;
Dr. K.. Nienhuis is with the Philips Electronic Components and
Materials Division (ELCOMA), Eindhoven; Drs. J. C. Post is
with the Institute for Nuclear Physics Research (IKO) in Amster-
dam. The contribution of Drs. J. C. Post to this article is based on
work undertaken as a part of the programme of the Foundation for
Fundamental Research on Matter (F.O.M.), which is supported
by the Netherlands Organization for the Advancement of Pure
Research (Z.W.0.)

fundamental nuclear research need hardly be stressed;
in addition, however, there are more immediately
practical applications such as the investigation of fuel
elements for nuclear reactors and, in laboratories where
radioactive substances are used, the regular examina-
tion of persons and workrooms for contamination by
a-active substances, which are a serious health hazard.
In the latter case an analysis of the a-radiation present
gives an indication of the origin of the contamination.
This also applies to the monitoring of air, surface water
and soil for a-contamination which, since it concerns
public health, is a matter for the public authorities.

A technical application of «-radiation is in the
measurement of foil thickness, the energy difference be-
tween the incident and the emergent radiation being a
measure of this thickness. Another application is in the
investigation of a material surface. When a-particles
strike such a surface, some of them are scattered back-
wards with an energy that depends upon the mass
number of the atoms present in the surface layer. The
composition of the surface can thus be deduced from
the energy spectrum of the back-scatter. This method
was used, for example, in the spacecraft Surveyor V
for investigating the surface of the moon.

Principle of a-particle spectrometry

Basically, a semiconductor detector is a semicon-
ductor diode with a reverse bias across it. The ioniza-
tion caused by a nuclear particle penetrating into the
depletion layer frees pairs of charge carriers (electrons

11 'W_ K. Hofker, Semiconductor detectors for ionizing radiation,
Philips tech. Rev. 27, 323-336, 1966.
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and holes), which travel towards the two electrodes un- -

der the influence of the applied field, thus producmg

a current pulse. If the whole of the energy of the inci-

dent particle (or a constant fraction of it) is used for the
freeing of charge carriers, then the number of the charge
carriers and hence the height of the current pulse will
be proportional to the energy of the particle.

The pulses are amplified and fed to a pulse-hexght
analyser (kick-sorter). This has several hundreds or
thousands of channels, into which the incoming pulses
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width of 20 keV proves to be sufficient in a-particle’
spectrometry and can be achieved with semiconductor
detectors. A prerequisite, however — we shall return
- to this on p. 19 — is that the radioactive source must be
very thin (in practice the source is a layer, about 10 nm
thick, on a substrate whose surface roughness must be
less than 1 pm)..
"A second important requirement to be met in
o-particle spectrometry is a low background level, so
that weak lines can also be detected. This spectrum
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Fig. 1. Record of a-spectrum of a 242Cm specimen, obtained with a 400-channel pulse-height
analyser. The number of particles per channel is plotted vertically. In the right-hand part of
the spectrum the vertical scale is compressed 500 times to display the main peak of 242Cm. The
242Cm was obtained by irradiating 24Am with neutrons and then chemically separating the
curium and americium. The spectrum shows that there are still traces of Am present in the
Cm, and small amounts of 243Cm and 244Cm have also been formed due to multiple neutron

trapping.

are sorted by height. The pulses in each channel are
counted, giving the number. of particles with the energy
value corresponding to each channel. Fig. I gives an
example of an a-spectrum obtained with a 400-channel
analyser. The figure shows that it is possible to dis-
criminate between a-particles of different energy only
if the peaks aré sufficiently narrow. The energy resolu-
tion of the measuring arrangement is expressed by the
line width, defined as the half-height width of a peak.
The figure gives an example showing that for the
highest peak of 241Am the line width is 18.5 keV. -

" Considering that there are some 1000 different
a-spectrum lines known [2], originating from about 40
natural and about 240 artificial a-nuclides, and that
~ more than 90%; of these are between 4.5 and 8 MeV,

it is evident that a small line width is of great impor-
tance in a-particle spectrometry. In many cases a line

background has many and various causes, which will be
dealt with shortly in some detail.

Both in resolution and spectrum background the semiconduc-
tor detector is clearly superior to the ionization chamber former-
ly used for a-particle detection. The johizgition chamber, however,
has the advantage of a larger sensitive volume. If it is desired to
measure the radiation from sources with a very long half-life
(>10%years), and thus a very low intensity, it is necessary to
have a source with a-large surface area to obtain. a sufficient
number of pulses per unit time. In such cases the small dimensions
of the solid-state detector are a disadvantage, and the ionization
chamber can still be used.

The surface-barrier detector

The P-N Junctlon requlred in the semlconductor de-
tector can be obtained by the famlllar method of diffus-
ing N-type impurities into one side of a wafer of P-type
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silicon. This gives a surface layer of N-type silicon. The
a-particles penetrate through this layer (which need be
only a few tenths of a micron thick) and reach the de-
pletion layer below it, produced by the application of a
reverse bias. A disadvantage of this detector, however,
is that the preparation by diffusion can only take place
" at a relatively high temperature (about 950 °C). At
this high temperature, recombination centres are formed
in the monocrystalline silicon and these trap some of
the charge carriers released by the a-particles. Owing
to its statistical character this process has a detrimental
effect on the energy resolution of the detector.
Detectors for a-particles are therefore preferably
made by a process that takes place at low temperatures.
Now it has been found that after N-type silicon has
been given a certain oxidizing treatment, a depletion
layer is formed right at the surface, particularly if a
gold electrode has been evaporated on to the surface.
During this evaporation the temperature of the sub-
strate does not rise above about 50°C. A surface-barrier
detector produced in this way possesses the optimum
characteristics for «-particle detection [81.

The surface barrier

We can only give an approximate picture of the way
in which the surface barrier forms, since some aspects
of the process still remain to be explained. Even with-
out the presence of gold, a depletion layer can form
at a silicon surface. The crystal lattice of silicon is ab-
ruptly interrupted at the surface. Because of this,
and also because foreign atoms can easily adhere to
the surface, acceptors and donors at many different
energy levels are created. Which atoms are involved
depends on the atmosphere to which the silicon sur-
face is exposed during its formation ; the control of this
atmosphere is therefore of the utmost importance in
the preparation of a good surface barrier. To obtain a
depletion layer in N-type silicon, the distribution of
acceptors and donors over the energy levels must be
such that, if all levels below the Fermi level Er are
occupied by electrons, a negative surface charge results.
This charge drives the conduction-band electrons out
of the crystalline layer immediately below the surface,
so that a depletion layer is formed there. In this layer
there is a positive space charge of ionized donors, which,
together with the negative surface charge, makes the

[2) Many of these are included in: J. C. Post, Table of alpha-
emitting nuclides according to alpha energy, Actinides Rev.
1, 55-69, 1967. .

31 Another method which can be used for producing a P-N:
junction at lower temperatures than those required for diffu-
sion is ion implantation. In this method accelerated donor
ions are injected into a P-type semiconductor; these form an
N-type surface layer that can be very thin. Subsequent thermal
treatment is necessary.
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silicon outwardly electrically neutral. If we draw the
energy-band diagram of the surface barrier (fig. 2a),
we see that, as a result of the space charge and the local
electric field which it causes, the energy bands near the
crystal surface are bent. Here b is the depth of the deple-
tion layer and Vy4 the potential difference across the
barrier.

Si S Au
>
N\t v
—— Ee|| &%
W r .
Vo =
1
el
e(Vy+Vp) — T b
‘ 3
P |
C

Fig. 2. Energy diagram of the barrier at the surface of N-type
silicon. C conduction band. ¥ valence band. Si silicon. S surface
film. Au gold electrode.

a) The location of the Fermi level Er is such that a negative
charge is formed at the silicon surface. This creates a depletion
layer of depth b, immediately under the surface. In the depletion
layer a positive space charge is formed which neutralizes the nega-
tive surface charge. The existing electrical field leads to a poten-
tial difference Vau, the diffusion potential, and is the cause of the
indicated band bending. eV}, is the height of the barrier.

b) The application of a reverse bias voltage Vo increases the
depletion depth b.

¢) Thestrength of the'electrical field X as a function of position in
the depletion layer.

If we now provide the crystal with an electrical con-,
tact by depositing a gold film Au on to the surface layer
S (this layer is so thin — 5 to 12 nm — that charge
transport through it can take place by means of the
tunnel effect) the Fermi levels in the metal and the.
semiconductor assume the same value. In this way the
gold film affects the band bending. It has been found
experimentally that a deposited layer of gold supports
the formation of a surface barrier, whereas aluminium,
say, almost completely destroys it and makes the con-
tact with the substrate more or less ohmic., B .
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The atoms of the surface layer S have to be bound so firmly to
the silicon that this layer, which is essential to the operation of
the surface barrier, undergoes no change under vacuum. (It is
necessary to measure a-particles under vacuum in order to avoid
energy losses caused by collisions with gas molecules.) It is now
possible to make surface barriers that are completely stable in a
vacuum as low as 10-7 torr.

The thickness of the depletion layer

When an external voltage V) is applied to the detec-
tor in the reverse direction, the band bending becomes
more pronounced and b, the thickness of the depletion
layer, increases (fig. 26). This thickness must be suffi-
cient for an incident a-particle to lose all its energy in-
side the depletion layer. Fig. 3 shows the range of
a-particles in silicon as a function of their energy (4], It
can be seen that a depletion depth of 100 pum is amply
sufficient for the detection of a-radiation up to 11 MeV,
that is to say of all known a-spectrum lines. The way

0 | | | | 1 1 1 |
35 4 5 6 7 8 0 11 MeV

9
—_—

Fig. 3. The range of a-particles in silicon as a function of their
energy E.

in which the depletion depth 4 (in microns) depends on
the applied voltage Vy (in volts)is given by the relation:

b=53 VQ(Vd + VO);

where g is the resistivity of the silicon (in Qm). This
relation is given graphically-in fig. 4 for a number of
values of p. We deduce from this that an applied volt-
age of 10V is needed for a depletion depth of 100 um
in material with a resistivity of 50 Qm.

When thicker depletion layers are required, as for example in
the detection of f-particles, which have a range of a few milli-
metres, a limit is imposed by the breakdown strength of silicon.
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Fig. 4. The depth b of the depletion layer as a function of the
applied voltage Wy at different values of the resistivity of N-type
silicon. The points where the breakdown field strength of silicon
is reached (107 V/m) are indicated by a dashed line.

The dashed line in fig. 4 indicates the operating points where the
breakdown field strength of silicon is reached, at about 107 V/m.
The figure takes into account the fact, which can be seen from
fig. 2¢, that the maximum field strength occurs at the surface
layer S and is twice the average field strength in the depletion
[eyer. To keep the field strength below the breakdown value it is
necessary to use silicon of very high resistivity. Even then, high
voltages are required (above 1000 V). By choosing a very homo-
geneous basic material and taking care in manufacture it is
now possible, using silicon with a resistivity of 100 to 200 Qm,
to produce detectors with a depletion depth of 2.5 mm at an
applied voltage of more than 2000 V. These detectors are made in
a form in which the depletion layer extends up to the rear elec-
trode, enabling them to be stacked for the measurement of par-
ticles with a range greater than 2.5 mm.

We ought to note in passing that very thin surface-barrier
detectors with a depletion layer extending up to the rear electrode
are being made for use in particle identification systems (see the
treatment of the dE/dx detector on page 334 in reference [1),
These can now be made with a thickness of only 4 um, which
means that an a-particle loses only a small part of its total energy
in it. This is illustrated in fig. 5, where the peak on the right re-
presents the total energy of a-particles emitted by 241Am, and
the peak on the left the energy which these a-particles lose in a
4 um thick detector.

The reverse current

Even when there is no ionizing radiation present, a
small reverse current will still flow in the detector. This
“dark current” is the sum of a number of components,
two of which in particular cause electrical noise and
therefore have a detrimental effect on the energy reso-
lution. The first of these two components is due to those
electrons in the gold electrode that possess sufficient
energy to cross the potential barrier and reach the
conduction band. The potential barrier is indicated by
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Fig. 5. Energy absorption for the penetration of a surface-barrier
detector with a total thickness of 4 pm by a-particles (emitted by
241Am). The left-hand peak in the spectrum is due to pulses given
by the detector when a-particles pass through it, and thus corre-
sponds to the energy dissipated in the detector. The right-hand
peak is due to a calibration pulse and indicates the total energy of
these a-particles.

the potential difference ¥y in fig. 2a and 4. The second
component is due to the thermal generation of free
charge carriers inside the depletion layer. Both com-
ponents increase with rising temperature. Since both
of them give rise to shot noise in the detector signal,
they must be kept as small as possible. This calls for a

high potential barrier and a minimum of crystal defects

and other charge-generation centres in the silicon basic
material. Moreover, the temperature of the detector
should preferably not rise above room temperature.

The reverse-current characteristic of a surface-barrier
detector is given in fig. 6. In addition to the compo-
nents mentioned, the total reverse current includes the
leakage current along the surface of the detector. Un-
like the first two components, this is not so important
for the energy resolution, since the frequency spectrum
of the noise it causes enables us to filter most of it out.

Besides the electrical noise referred to, there are also
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Fig. 6. Reverse-current characteristic of a surface-barrier detector
with a surface area of 2 cm2.
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statistical fluctuations in the actual ionizing process
which adversely affect the resolution. The contributions
of several processes to the line width can readily be
taken into account in an approximate calculatlon
which is given below.

Calculation of energy resolution

A primary cause of peak broadening is the energy
absorption in the window through which the a-particles
reach the depletion layer. In the first place, there is a
spread in the energy absorption because the particles
pass through the window at different angles. This can
be minimized by placing the source, whose dimensions
are assumed to be approximately equal to those of the
counter (e.g. 1 cm?), at a certain distance (2 to 3 cm)
from the counter. After this precaution has been taken,
the fact remains that there is a statistical spread in the
energy absorption in the window, even though the
particles pass through the window at normal incidence.

For a gold window we can deduce that for «-par-
ticles the contribution B to the line width (in keV) is:

By = 5.09% 104 /d,

where d is the thickness of the window in metres. For
d = 20 nm, for example, By = 7.2 keV.

This expression was obtained by using the Bohr equation for
the variance o2 of the energy absorption per unit path length [55:

02 = 4mz2%eNZ,

where z is the charge of the particle in terms of the elementary
charge, e the charge of the electron, N the number of atoms per
unit volume of the absorption layer, and Z the atomic number of
the atoms in the absorption layer. This equation can be used to
give the accuracy required here because the average number of
collisions of an a-particle in the window is sufficiently large. -

Another cause of energy dispersion is to be found in
the ionization process. In the first instance we have a
statistical spread in the number of hole-electron pairs
formed by ionization. This is because the energy of the
incoming particle is only partly used for ionization pro-
cesses. For the standard deviation in the number of
hole-electron pairs N we can write:

AN = VFNy,

where Np is the average number of hole-electron pairs
and F is the Fano factor 6. The contribution Bt
(again in keV) which this fluctuation makes to the
line width is:

By = 2.36 wl/FNo =2, 36VFEW,

11 This figure is based on calculations by D. J. Skyrme, Nucl.
Instr. Meth. 57, 61, 1967.

[51 R. D. Evans, The atomic nucleus, McGraw- H111 New York
1967, p. 661.

(6] U. Fano, Phys. Rev. 72 26, 1947.
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where w is the averdge ionization energy of silicon,
expressed in eV, and E is the energy of the a-particle in
MeV. For an o-particle with E = 6 MeV and for w =
3.6 €V, assuming F = 0.15 [7), we find By = 4.25 keV.
It has been found experimentally that the fluctuations
of the accumulated charge in the detection of heavy
particles are substantially greater than may be deduced
from the foregoing. A possible cause is the occurrence
of recombinations of electrons and holes in the ioniza-
tion track as a result of the high charge density which
exists there. Moreover, additional fluctuations are
caused by heavy ‘particles transferring part of their
energy to atomic nuclei that have a poor ionization
yield. The probability of ionization already begins to
decrease steeply when the energy of the atomic nuclei
is still fairly high. Although the total residual energy
. lost by all the atomic nuclei struck by an a-particle
is fairly small, being about 12 keV for an a-particle
of 6 MeV, its fluctuations are considerable. The con-
tribution By which these fluctuations make to the line
width may be calculated approximately (81 from:

By = 0.47 z1/2 4403,

where z is the charge of the ionizing particle in terms of
the elementary charge and A4 the mass number. For
a-particles By is about 4.5 keV.

Another significant cause of line broadening is the
electrical noise of the counter and the amplifier; this
noise produces fluctuations in the measured pulse
height. To minimize the noise of the preamplifier a
junction-type field-effect transistor is often used in the
input stage. Further improvement in the signal-to-noise
ratio can also be obtained by including in the amplifier
a bandpass filter with a response such that the pulses
are transmitted without significant attenuation but the
noise is attenuated. A simple RC filter, as shown in
fig. 7, is' frequently used for this purpose. It can be
shown that, to obtain an optimum- signal-to-noise
ratio, the time constants of the two sections should be
made identical [91. If we assuriie that the only sources
of noise are the shhc.)t-noise componeit /g in the detector
current and the equivalent noise résistance Req Of the
input stage, we can show that the noise contribution to

o—1 -—-- i o

o= ———— 0

Fig. 7. Schematic representation of an RC bandpass filter as
used in the electronic measuring circuit. The filter consists of an
integrating section and a differentiating section; for optimum
operation the time constants of both sections should be identical.
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the line width is a minimum at a particular value of the
filter time constant z; this minimum contribution By
(in keV) follows from the expression:
w kTe\1/4
Ba=10-8¢~ (C2Reqld ——) .
e 2
Here ¢ is the base of the natural logarithms, e the charge
of the electron, C the capacitance of the amplifier in-
put (mainly the detector capacitance), and T the abso-
lute temperature (all in SI units).
The line width increases with increasing capacitance
C since an a-particle frees a given quantity of charge.
Over a larger capacitance this charge means a smaller
voltage, giving a lower signal-to-noise ratio.

When the applied voltage ¥y is raised the depletion depth in-
creases and the capacitance C decreases, resulting in a lower
value of By. If Vo is raised too far, however, the reverse current /g
increases rapidly (fig. 6) and so too does Bn. There is therefore an
optimum value of ¥p and of the related depletion depth giving
minimum line width. The location of this optimum is also affect-
ed by the filter time constant 7, because the frequency composi-
tion of the noise is not the same in all cases. These effects are
illustrated in fig. 8, where the line width measured for a detector
is shown in a three-dimensional diagram as a function of deple-
tion depth and filter time constant. It can be seen from this dia-
gram that the smallest line width is measured at a specific value
of 7, which is the optimum value mentioned earlier.

For an approximate calculation of Bn we assume a
capacitance C of 100 pF (this is the capacitance of a
detector with an area of 1 cm? and a depletion depth
of 100 wm), an equivalent noise resistance Req = 200 Q
and a reverse current I = 0.1 pA. In this case, at the
then applicable optimum time constant = a2 1 us, we
have By = 5.5 keV. The total line width, due to the
various causes mentioned, is:

Biot = /Bg? + B2 + Bi2 + Ba2.

Substituting in this the values from the examples, we
obtain: '

Biot = 11 keV.

This line width corresponds to the value actually
found in optimiim ‘cases. As a rule’it is not as good as
this, for various reasons. One of these seems to be the
inhomogeneous distribution of recombination and

tra'pping'ééhtres in the depletion volume, another is the

occurrence of very small breakdown effects (“micro-
plasmas”) when a high reverse bias is applied to the
detector. These microplasmas, which are prone to
occur at the edge of the detector; are a source of electri-
cal noise whose energy content per Hz bandwidth is in-
versely proportional to the frequency f (1/f noise).
Although the greater part of this noise falls outside the
passband of the filter, the contribution of the micro-
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plasmas is not negligible at high operating voltages.

Finally, it is found in practice that the quality of the
radiation source also has some effect on the line width.
This comes about .because the «-particles can lose
energy by collisions inside the source itself. Such colli-
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made with the back face of the silicon wafer by evapor-
ating an aluminium electrode on to it.

The silicon wafer (Si in the cross-sectional drawing
of the detector shown in fig. 9) is cemented between two
glass rings R with an epoxy resin E. The effect of the

— 100 keV

—80
Biot

1

—40

—20

Fig. 8. Peak width By, of a silicon surface-barrier detector (surface area 2 cm?), measured as a
function of the depletion depth b at different filter time constants .

sions cause a spread in the energy of the o-particles
which arrive at the detector, and a corresponding in-
crease in the line width. This is why the source has to
be as thin as possible, as we noted earlier.

Practical design of the detector

The gold electrode vapour-deposited on the silicon
wafer must be extremely thin (see page 17) in order to
minimize the absorption in the gold window. The gold
layer is 20 nm thick, and only a few keV of the 6 MeV
energy of o-particles are absorbed in it. Contact is

73 This value was found experimentally for high-energy y-radia-
tion. Whether it also applies to a-particles has not been veri-
fied.

[8) J. Lindhard and V. Nielsen, Nuclear collisions and ionisation
fluctuations in charged particle detectors, Physics Letters 2,
209-211, 1962.

81 J. A. W. van der Does de Bye, Signal-to-noise ratio of a P-N-
junction radiation counter, Philips Res. Repts. 16, 85-95, 1961.

epoxy resin on the silicon surface is a marked reduction
of the edge current. The coefficient of expansion of the
glass rings is matched to that of the silicon, so that no
unwanted mechanical stresses occur in the wafer even
when the detector is cooled to —75 °C.

The detector holder is mounted on a standard coaxi-

Fig. 9. Cross-sectional sketch of mounted detector. Si silicon
wafeg. R glass rings. E epoxy resin. D diaphragm. ‘
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al plug (omitted in fig. 9); its centre conductor is con-
nected to the aluminium electrode of the silicon wafer.
A diaphragm D is mounted in front of the detector
window.

The spectrum background

A measured a-spectrum always contains a back-
ground level that makes it impossible to distinguish very
weak peaks. There are two effects contributing to this
background. In the first place, it can happen that radi-
- ation is measured before a source is brought near to the
detector. In this cas’evthe detector or its environment
(the wall of the vacuum chamber) is contaminated by
a-activity from a previous experiment. In the measure-
ment of relatively strong sources this contamination
can hardly be avoided, since such sources also emit
recoil daughter nuclei, 'which may reach the.counter.
Sometimes a slight air pressure is admitted to the
vacuum chamber and a retardmg electric potential i is
applied between source and detector, in order to pre-
vent these recoils from reaching the detector without
stopping the a-particles. With an air pressure of 30 torr
and a retarding voltage of 225V at a distance of 1 cm
between source and detector it has been found possible
to reduce the contamination by a factor of 50 191, This
reduces the resolution, however, and in experiments
where a low background level is important we there-
fore prefer to use separate detectors, which should not
be used with strong sources. - -

When these and other precautions are taken, the
spontaneous detection is found to be very low; we
recorded one pulse per cm?2 of detector surface per
24 hours in the energy range of natural «-radiation.
This shows that the radioactivity of the counter ma-
terial is negligibly low. It is also known that ambient
y-radiation and cosmic radiation give pulses that are a
great deal smaller than the pulses from «-particles. In
theory, then, the semiconductor detector is suitable
for the detection of a-rays of very low intensity.

If there is a very high peak in the a-spectrum, how-
ever, this detection becomes difficult. Here — and
this is the second contribution to the spectrum back-
ground — a high peak of this nature is always accom-

panied by a tail at the side of the lower energies. This
tail can be seen in fig. 1 on the left of the main peak

of 242Cm. The tail appears because a certain fraction
of the emitted ozepartlcles lose a substantial amount of
energy — varying, however, in magnitude from one
particle to another — in various collision processes
outside the sensitive volume of the detector. Collisions
may take place inside the source itself, and outside the
source there may be collisions with objects in the en-
vironment of the detector or with particles of dust on
the detector surface. Another -causé of ‘an .a-particle
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being counted in a channel with lower energy is the
existence of local concentrations of recombination
centres. The existence of these appears to prevent the
whole of the free charge from arriving at the elec-
trodes. In any case the tail involves a higher back-
ground level in the energy range below the energy of
the main peak.

How this affects the detection of a-lines will now be
illustrated with reference to fig. 1. In general we can
say that the background level of 100 to 250 keV below
the energy of the main peak is of importance for the
observation of secondary peaks of low relative intensi-
ty: An example of this is the secondary peak of 242Cm
with an energy of 5967 keV, i.e. 145keV below the
main peak, and a relative intensity of 0.035%,. The
spectrum background from 200 to 450 keV below a
main peak is also important in connection with the
detection of related nuclides with low isotope ratio
and a relatively long half-life; see for example the iso-
topes 243Cm and 244Cm in fig. 1, which are about
300 keV below the main peak. The height of the back-

.ground in this energy range, and at energies farther re-

moved from the main peak, also determines the relative
concentration of impurities still measurable. The back-
ground level is expressed as a single number by giving
the ratio of the height of the main peak to that of the
background, in terms of the energy distance to the main
peak. The value of this ratio depends on the resolution,
but the advantage using it is that it indicates at once the
relative intensities that can be detected above the back-
ground. Thus for the configuration used for detecting
the spectrum shown in fig. 1, for example, we find a
ratio of 2900:1 between the main peak and the spectrum
background 200 keV below the main peak, while at
400 keV and 800 keV below the main peak the ratios
are 6000:1 and 8000:1 respectively.

Although still not ideal, these ratios compare very favourably
with what can be achieved with ionization chambers. In spite of
the most rigorous precautions, the corresponding ratio for an
ionization chamber is 250:1 at 1 MeV below the main peak [11],

Experimerits show that all kinds of small details can affect the
height of the spectrum background. In a very recent experiment,
using a current form of detector, it was found possible to improve
considerably on the above-mentioned ratios, the values measured
being 21100:1 at 400 keV and 39700:1 at 800 keV below the
main peak.

An o-particle spectrometer

A photograph of an a-particle spectrometer is shown
in fig. 10. When this is combined with a kick-sorter
(and a vacuum pump) we have a complete equipment
for a-spectrometry. A block diagram of the equipment
is shown in fig. 11. The pulses from the detector arefed-
to a preamplifier. Owing to the use of capacitive feed-
back, this preamplifier delivers voltage pulses that are
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the spectrum a threshold amplifier is included. This
suppresses pulses below a certain height and amplifies
the pulses above it. The gain characteristic of the thresh-
old amplifier is shown in fig. 12. A threshold amplifier
was used, for example, for measuring the spectrum
given in fig. 1; in this case all 400 available channels
were employed for recording the spectrum between

—_— <

Fig. 12. Gain. characteristic. of a threshold amplifier. Vi input
voltage. Vo ou%put voltage.
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5.2 and 6.2 MeV, giving a sufficient number of points
for accurate display of the individual peaks.

The a-particle spectrometer in fig. 10 embodies all the
functions mentioned here. The spectrometer is shown
with the vacuum cylinder removed; a radiation source
is being placed on a table that can be moved up and
down by means of a screw-thread.- The detector is
situated above this table. The distance between source
and detector can be adjusted between 2 and 12 cm with
a calibrated knob outside the vacuum chamber, and
this makes it possible to set the number of pulses per
unit time to a suitable value. The pressure in the vacuum
chamber should be lower than 0.1 torr during the meas-
urement, to prevent energy absorption and line broad-
ening. The preamplifier is mounted directly on the
vacuum chamber. The threshold amplifier incorporated
in this spectrometer permits a tenfold spread of part of
the spectrum. The spectrometer also contains a pulse
generator which can supply constant pulses with an
accuracy of 4-15x10-6, with a magnitude calibrated
in MeV, to the input of the measuring circuit; these
are used for calibrating the energy scale of a measured
spectrum. The peak on the right of the spectrum in
fig. 5 comes from this pulse generator.

Summary. The various special features of semiconductor detec-
tors have led to their general use for the detection and energy
‘measurement of charged particles (¢-and p-particles, protons, etc.)
and electromagnetic radiation (y-rays); a-particle spectrometry
is an appropriate example for illustrating the measurement tech-
nique. In g-particle spectrometry a good energy resolution and a
low spectrum background are of paramount importance. In this
respect the surface-barrier detector is the most suitable. Some
special designs are described. It is shown that an approximate cal-
culation of the energy resolution can be made. The spectrum
background, which is attributable to many and various causes, is

particularly high near to a high peak and makes it difficult to
measure very low peaks near it. Special measures which can be
used to improve the peak-to-background ratio considerably are
described. At 400 keV below a high peak, for example, it is now
possible to obtain a peak-to-background ratio of 6000:1 (a ratio
as high as 20 000:1 has been obtained with a special arrangement).
The electronic measuring circuits required for a-particle spec-
trometry are combined with the vacuum chamber containing the
radiation source and detector to form a single piece of equipment,
the a-particle spectrometer. This is described at the end of the
article.
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Automatic drawing of masks for integrated circuits

C. Niessen and H. E. J. Wulms

Numerical control, which is already widely used in metalworking, is also a valuable aid in
the manufacture of integrated circuits. A computer supplied with the circuit data can be
used to create a control tape for a numerically controlled drawing machine, which then
automatically draws or cuts the scribing-film masks required for producing the circuits.
In a recently developed method the circuit data can be presented to the computer in a
very abbreviated form as a coded description of the necessary components (e.g. the type
of transistors, the geometry of a resistor, etc.), their location and the connections to be

made between them.

Solid circuits, the most important type of integrated
circuit, are made by forming zones of P-type and
N-type material at certain places in a single crystal
of silicon. In this way resistors, transistors and diodes
can be created in the crystal, and any desired circuit
can be obtained by connecting up the various compo-
nents with aluminium strips as required.

The zones of P- or N-type material are formed by
a series of diffusion processes, which are carried out
by using a kind of photographic technique. The start-
ing point is a substrate of P-type silicon on which an
N-type layer has been grown. The surface of this layer
is oxidized in a suitable atmosphere to form silicon
dioxide. The oxide layer is-next coated with a photo-
sensitive lacquer and the lacquer is then illuminated
through a mask (photomask) wich does not transmit
light at the places where a P-type zone is required. The
unexposed lacquer is then dissolved and removed. An
etching process then follows, in which the SiOs is only
etched away at places where no photosensitive lacquer is

present (i.e. where the P-zone is required). Finally the

exposed lacquer is removed, and the crystal is heated in
an atmosphere containing boron. At the places where the
SiOg has been etched away the boron diffuses into the
N-type silicon, forming zones with P-type impurities,

Ir. C. Niessen and Ir. H. E. J. Wulms .are with Philips Research
Laboratories, Eindhoven.

which can be made to penetrate to the depth required.

Since the various components of a circuit must be
electrically insulated from each other, the first step is
always an .isolation diffusion, carried out with an
isolation mask. In this process P-type impurities are
diffused through the N-type layer, down to the sub-
strate, in a pattern of channels: A number of islands
of N-type material are thus formed, each surrounded
by P-type silicon.

One of the N-type islands can now be formed into,
say, a resistor. This is done by oxidizing the silicon
surface again, and, in a rather similar process, per-
forming a resistance diffusion through a resistance
mask to form a P-type zone in the N-type island.
This P-type zone is the resistor. After further oxida-
tion, contact holes are etched into the SiOz at the ends
of the resistor. The mask used for this third stage is
referred to as the .contact-hole mask. By covering the
contact holes with aluminium the resistor can be con-
nected with-other components. In a fourth stage these
connections are etched out of a homogeneously evap-
orated layer of aluminium with the aid of the alu-
minium mask. The resistor thus obtained is shown in
cross-section in fig. Ia, and the four masks used are
shown in fig. 15.

Diodes and transistors are made in a similar way;
the same masks used in forming a resistor are also
used in the corresponding diffusions for diodes and
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. The instruction includes a row of numbers between

brackets. The factor in front of the brackets indicates
the number of times the sections described by these
numbers haveto be drawn; in this case it is three times.
The final result of the instruction is that the con-
tours are drawn or cut in three masks: a “meander”
track in the resistance mask, contact holes'in the con-
tact-hole mask and connecting strips in the aluminium
mask. . . .
No data for the isolation mask are calculated in
this resistor instruction. Several resistors may be placed
in one island. A separate instruction is then needed to
ensure that the appropriate island is drawn in the iso-
Iation mask of the integrated circuit.

It is also possible to code resistors that do not satisfy
the conditions we have stated. This generally requires
more than one instruction. However, a full account
of all the things that can be done with DRAW lies
outside the scope of this article.

Coding of a transistor

_The_designer can choose from 182 standard tran-
sistor types. Their dimensions, and hence their elec-
trical characteristics, are the same as those of the
“bread-board” transistors. These separate transistors
are made in the same way as integrated circuits and the
designer can connect them up to form an experimental
circuit to check the electrical characteristics of his
design. The bread-board transistors are characterized
by a “name” beginning with a T followed by three
letters and a figure. These refer to the library in the
DRAW computer program, which includes the mask
of all standard transistors. '

An instruction to the computer to draw transistor
masks would look like

TLLLN/X, Y/L, SP, ALPHA

The parameters used in this instruction have the
following meanings:

TLLLN is the “name” designating the data to be ex-
tracted from the library in the DRAW computer pro-
gram; . _ :

"X and Y are the coordinates of the reference point;
the convention for a rectangular transistor is that the
reference point is the bottom. left-hand corner;

L is the length of the emitter;

SP indicates an instruction for a reflection in one
of the axes; SPX indicates that the transistor has to be
reflected in the X-axis and SPY indicates a reflection
in the Y-axis; if nothing is written here then there is
no reflection;

ALPHA is the angle through which the transistor
has to be rotated about the reference point; if nothing
is written here then there is no rotation.
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Copying instructions

- A digital circuit is often built up from a number of
identical basic circuits, and can therefore be described
by repeating the coding of the components of the basic
circuit with different coordinates. The C@PY instruc-
tion provides a more elegant solution: the basic cir-
cuit to be copied is preceded by the instruction BEGIN-
COPY and followed by ENDCQOPY. The copying data
are added after ENDC@PY. An example of a complete
ENDCQPY instruction is

ENDC@PY/SP, ALPHA/DX, DY/N

" where the parameters have the following meanings:

SP is again an instruction for a reflection; SPX is
written for a reflection of the basic circuit in the X-axis
and SPY for a reflection in the Y-axis of the coordinate
system in use; if nothing is written here then there is
no reflection;

ALPHA gives the angle through which the basic
circuit must be rotated about the origin of the coor-
dinate system; if nothing is written here then there
is no rotation;

DX and DY are the distances by which the basic
circuit is displaced parallel to the X- or Y-axis;

N is the number of copies required.

Example of a DRAW program

Fig. 3 shows the circuit diagram of an integrated
circuit, whose complete coding will be given here as
an example. The list of DRAW instructions for making

{

)

Fig. 3. Electrical diagram of a circuit taken here as an example.

the control tape for this circuit is shown in fig. 4, and
fig. 5 shows the drawing made with the aid of the con-
trol tape produced. .

- The circuit to be programmed consists of five iden-
tical basic circuits, each made up from two transistors
and three resistors. It is sufficient to code this basic
circuit once only: with two transistor instructions
(TABTO), three resistor instructions (RES), one RHK
instruction, which produces a rectangular contour in
the isolation mask to enclose the three resistors in one
island, and a number of ALU instructions for produc-
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pattern of channels. To complete this pattern a rectan-
gular contour is needed around the islands already
formed, and this is produced with a further RHK in-
struction. Also included in the program are some
ALU instructions, for the connecting strips of the
circuit; the KRB instruction, which provides a break
line for the separation of the circuit from the other
circuits produced in the crystal during the manufac-
turing process; and finally the URK instruction, which
provides -for the alignment marks for adjusting the
mask on the silicon wafer. ‘

Processing by the computer -

.. The instructions, wich are punched on cards or on
paper tape, are read by the computer and first checked
for coding errors. -
* If no such errors‘are found, the computer starts to
collect data for the first mask. This it does by inspecting
all the instructions, and only operating on those in-
structions that relateto the first mask. Next the design
is divided into a large number of regions, each of
which is allotted a serial number. A serial number is
also allotted to the calculated contours. All the data
for the first mask are then punched on.the control
tape in the sequence of the serial numbers. This is
done in such a way as to reduce the number of opera-
tions required later for drawing or cutting. The design-
er may however give his instructions in any arbitrary
sequence.

The next thing that the computer does is to inspect
all the instructions once again in order to collect data
for the-second mask and punch them on the control
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tape. This process is continued until all the masks
needed for making the circuit have been processed.

The control tape is checked by feeding it to a numer-
ically controlled drawing machine, which draws the
masks in different colours one above the other. Once
this layout drawing has been approved, the same tape
goes to the mask workshop, where the masks are auto-
matically cut in scribing film. No further check on
whether these masks fit together is required. It is suffi-
cient to make sure that the sheets of scribing film have
been properly stripped. The procedure that we have
described has greatly reduced the chance of errors,
while much time is saved because the masks can be cut
much faster and the design no longer has to be drawn
to the last detail. The designer only has to draw con-
tours required for the coding. Thus, the circuit of
fig. 3 requires about 40 metres of control tape, contain-
ing some 16 000 characters. But the computer produces
this control tape from the program shown in fig. 4,
which contains only about 600 characters.

Summary. The article shows how numerical control can be
applied to the manufacture of integrated circuits. It starts by
describing the part played by scribing-film masks in the making
of the components, and goes on to illustrate how the making
of these masks can be simplified by drawing and cutting them
automatically. This can be done by supplying a computer with
only a limited number of easily coded data. The coding of resis-
tors and transistors, and the use of copying instructions, are
dealt with at some length. The article concludes with a complete
program for making a simple circuit, and outlines the way in
which a computer processes the instructions.
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The polytypism of silicon carbide

A. H. Gomes de Mesquita

Silicon carbide is a substance with many interesting applications, some of which impose
some strict requirements on material control. One of the greatest problems here is the '
phenomenon of polytypism, that is, the existence of innumerable different ways of stack-
ing the double layers of carbon and silicon atoms forming the crystal lattice. Thzs gives
rise to as many variations again in some of the physical properties.

Silicon carbide is found only very sporadically as
a naturally occurring mineral, and then only in un-
exploitable quantities. Very nearly all of the material
used today is therefore made in laboratories or in in-
dustrial processes. The first synthesis dates from the
last century. Since that time, interest in the substance
has steadily increased, because of its interesting com-
bination of chemical and physical properties. Silicon
carbide is exceptionally hard and rigid and possesses
great tensile strength. It is resistant to chemical action
up to high temperatures, it is an excellent heat conduc-
tor which will withstand high temperatures, and it is
also a semiconductor. Such a material clearly has in-
teresting potential applications in various fields.

Its hardness was the first property to be used: pow-
dered silicon carbide is well known as an abrasive and
polishing agent. Next came applications as an electric
heating element, as a voltage-dependent resistor, and
as a resistor with a negative temperature coefficient
primarily for use at high temperatures. In the last few
years several types of diode have been made of silicon
carbide, although not as yet on a large scale. The latest
development is the work now in progress on the
strengthening of plastics and metals by thin “whisk-
ers” (thread-like crystals) of SiC.

This brief summary of properties and applications,
which is far from complete, explains why Philips Re-
search Laboratories have been carrying out investi-
gations on silicon carbide for the last twenty years or
so. This work has contributed to technical develop-
ment and has led to many publications [11,

The chronological sequence of the principal appli-
cations: abrasive — heating element — diode, clearly

Dr. A. H. Gomes de Mesqmla is with Philips Research Laboratories,
Eindhoven.

indicates that the control over the material has im-
proved with time. A little impurity in an abrasive does
not usually do much harm, but in semiconductor mat-
erials it is essential to be able to keep the degree of
impurity under accurate control. This applies both
to chemical impurities and to physical imperfections,
the latter category including stacking faults and dis-
locations that disturb the crystal lattice of the substance.

In fact, there has been considerable progress in the
preparation of silicon carbide. While the Acheson in-
dustrial process — which uses a mixture of sand, coke,
common salt and sawdust as starting materials — is
still widely used, a pure laboratory synthesis is now
available which gives a product whose total content of
chemical impurities has been reduced to less than one
foreign atom in 107 silicon and carbon atoms.

Control of the physical imperfettions has not yet
progressed so far. This is directly related with the phe-
nomenon of polytypism, which is found. in its most pro-
nounced form in silicon carbide. This implies that, un-
like nearly all other known substances, silicon carbide
is known to occur in a very large number of crystalline
modifications (types) which, although closely related,
differ from one another quite distinctly. Up to now
about 140 have been counted, and others are still
being discovered.

The crystal structures of all these modifications can .
be described in the hexagonal system with an ag-axis of
approximately 3 A (0.3 nm); the length of the c-axis,
however, varies from 5 A to 1000 A (0.5-100 nm).
This latter distance is 100 times greater than the range
of all known ordering forces in crystals — a strange
feature indeed. T

Polytypism, that is to say the occurrence of a large
number of types of one substance with crystal structures
differing only in one dimension, is observed not only



1969, No. 2

in silicon carbide but also in zinc sulphide, cadmium
sulphide and cadmium iodide, to quote a few ex-
amples. There is also quasi-polytypism, which is found
in substances in which slight differences in chemical
composition affect the stacking of the atomic planes in
only one direction. The members of the large group
of ferrites that includes materials like BaFe 3027 and
BasZngFe12022 are probably the best-known examples.
Here too the crystal structure can be described in the
hexagonal system, and the g-axis of the unit cell is
fixed, in this case at 6 A, while the c-axis varies from
15 to 1500 A.

The physical aspects of polytypism are particularly
interesting. The energy difference between the electrons
in the highest levels of the valence band and the lowest
levels of the conduction band is found to vary with the
length of the c-axis, though the relation is not a simple
linear one. In silicon carbide this “indirect” band
gap can assume values between 2.4 and 3.3 eV, a varia-
tion of as much as 30 to 40 %,. The mobilities and the
effective masses of the electrons are intimately connected
with the crystal structure. The electroluminescence
generated in silicon carbide may have almost any col-
our of the rainbow, depending on the crystal modifica-
tion. The colour of material doped with nitrogen (or
other donors) is strongly dependent on the type of
structure.

In spite of a great deal of research, it is not yet com-
pletely understood why there are so many structure
types. The crystal structure of a substance like silver
iodide seems to be determined by slight deviations from
the stoichiometric composition; in silicon carbide this
has not been shown to be the case. In zinc sulphide,
structures with large repeat distances occur during the
cooling of crystals already formed; however, there is
every indication that in silicon carbide the various
structure types occur during growth.

In this situation it is not as yet really possible to
treat the phenomenon of polytypism in a truly general
way. The facts and arguments about silicon carbide
which are presented in this article are therefore not
always necessarily applicable to other substances in
which polytypism occurs.

Crystal structure v

Since the turn of the century there has been a great
deal of crystallographic research on silicon carbide.
Studies of the external crystal faces brought out at an
early stage the existence of a number of different modi-
fications with trigonal, hexagonal, rhombohedral and
cubic symmetry and with widely different lattice con-

" stants. With the aid of X-ray analysis methods very
many more modifications have been discovered, and in
a large number of them the crystal structure has also
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been determined on an atomic scale [2]. We shall now
discuss some of these modifications in greater detail,
at the same time explaining the nomenclatures used to
indicate the different types of structure.

To picture the crystal structure of silicon carbide,
think first of a flat layer consisting exclusively of silicon
atoms which are at a distance apart of 3.08 A and are
arranged in a close-packed structure of equal spheres
(fig. I). The (two-dimensional) periodic pattern is a
rhombic unit cell with sides of 3.08 A. Vertically above
this layer, and at a distance of 1.89 A, we now place a
congruent layer of. carbon atoms. In the resultant

® () ®

O, Q, O,
() .t ()

O, ,OB O,

/,A
() () ®
O, (e} O,
/3.0&

Fig. 1. Close-packed arrangement of atoms in a plane. The two-
dimensional repetition pattern is a rhombic figure with atoms at
the position A (the corner points) and interstices'at B and C. In
an isolated layer the last two positions are equivalent, but this
is not true any more when the stack contains more than one
layer.

double layer we can distinguish two sets of interstices at
the sites marked B and C. Above one of these two sets
we now place the next double layer, in which there are
again two sets of interstices, and so on. Note that there
are two possible ways of placing each double layer; this
is the essential characteristic of polytypism.

With this method of stacking, all the atoms come to
lie on axes of the type 4, B and C, which are perpendic-
ular to the plane of the drawing of fig. 1. Each crystallo-
graphic unit cell contains one axis of each of these three
types. Since they lie in one plane, the whole crystal
structure can be represented two-dimensionally by a
cross-section in the plane ABC at right angles to fig. 1.

(1] See W. F. Knippenberg, Growth phenomena in silicon car-
bide, Philips Res. Repts. 18, 161-274, 1963; W. F. Knippen-
berg and G. Verspui, Influence of impurities on the growth of
silicon carbide, to be published in Mat. Res. Bull.

[2) Until recently this appeared to be a hopeless task, but now
a fairly simple standard method exists that can be used in a
large number of cases. On this subject see: M. Farkas-Jahnke,
Acta cryst. 21, A173, 1966; A. H. Gomes de Mésquita, Acta
cryst. B24, 1461, 1968 (No.-11).
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If success_ivé double layers occupy the consecutive '

positions ABCABC. .. (fig. 2a) the result is a structure
which closer examination shows to be cubic (sphal-
erite structure), which means that by the transfor-
mation of coordinates we can describe the structure in
the cubic system. Stacking in the opposite direction
CBACBA . . . also corresponds to the cubic structure.
We shall not go any further into this subject here, but
simply note that cubic §-SiC is the end product of many
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chemical reactions in which silicon carbide is formed.

If, during the crystal growth of §-SiC, a stacking
fault is made in which the sequence of the layers is
reversed, changing for example from ABC...
to CBA ..., the result is a twinned crystal (fig. 2b):
ABCABCBACBA. The repeated occurrence of a
stacking fault is referred to as multiple twinning.
Where the frequency of their occurrence is great, and
the distance between the faults irregular, the structure
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is said to be disordered, which is here one-dimensional
disorder. In some structures the stacking may even be
completely random. Experiments have shown that all
these modes of stacking occur in silicon carbide.

It is also possible, however, for the stacking order to
change direction frequently and periodically. The many
modifications of silicon carbide in which this occurs
are generally referred to as «-SiC. The individual
designation indicates that «-SiC is regarded as a form
of silicon carbide that is clearly distinct from the cubic
phase. In particular, it should not be seen as a kind of
misgrowth of -SiC.

Some of the most frequently encountered structures
of a-SiC are shown in figs. 2¢-g. The stacking 4BAB...
(fig. 2¢) corresponds to the well-known wurtzite struc-
ture. Along the crystallographic c-axis, i.e. the vertical
direction in fig. 2, the repetition pattern consists of two
double layers. Closer examination shows that the unit
cell is hexagonal. This modification is therefore often
given the designation 2H. ;

Somewhat more complicated is the stacking
ABCBABCBA . .. which is also hexagonal (fig. 2d).
The atomic stacking is repeated after every four layers,
giving what is called a 4H structure. Since the environ-
ment of the layers in which the atoms are situated on
the B-axis is the same as in the cubic structure, they are
known as “c” layers, unlike the layers with atoms on 4
and C whose immediate environment corresponds to
the 2H structure and are therefore referred to as “h”
layers. In the nomenclature system based on this the
4H structure is described as hche . . .. Another system
of nomenclature, introduced in 1945 by Zhdanov [3),
counts the number of layers situated between the re-
versal points in the atomic stacking. In the 4H struc-
ture this number is always two, and the structure can
thus be described as (22). Similarly 2H may be de-
scribed as (11), while g-SiC is given the symbol co (for
infinity).

Figs. 2f and 2g now present no further difficulties.
The modifications shown there are 6H and 8H res-
pectively, which may also be described as hechee and
heecheee or (33) and (44).

The structure shown in fig. 2e is rather more difficult.
Cubic and hexagonal layers alternate in the pattern
with heche and this atomic stacking is repeated after
every five layers. Seen along the crystallographic c-axis,
however, these five layers do not form a repeat dis-
tance. If the atoms of the first layer lie on the axis 4, then
those of the sixth layer do not lie on 4 but on B. Now
the structure can be described in a cell containing
only five layers, but this crystallographic’ cell is not

hexagonal but rhombohedral. If, for the sake of clarity,.

we also wish to describe the rhombohedral structures in
a hexagonal system, we take the unit cell three times
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larger, so that it contains — in this case — 15 layers.
The structure illustrated in fig. 2¢ is therefore called
15R or (32)3 [41. ‘

The «-SiC structures we have discussed so far are
among the simplest encountered; 6H, 15R and 4H, in
that order, are also the most common. We shall not
give a description of all the other silicon-carbide
structures. To illustrate the possible degree of com-
plexity however, we can quote the following [51.

174R = [333333633333333334]s;

120R = [322222222222322233]3;
33T = [3333353334];

168R = [2323232323232323232333]s.

Polymorphism and polytypism

The occurrence of more than one crystalline modi-
fication of a substance is not in itself particularly un-
usual. The phenomenon is known as polymorphism
when it occurs in a compound, and allotropy when it
occurs in an element. Standard examples are white and
grey tin, graphite and diamond, and white and violet
phosphorus, where the same solid has two forms of
different éppearance.

In the case of tin there is a phase transition at 13 °C.
At atmospheric pressure the grey tin is stable below
that temperature, and above it the white. The trans-
formation takes place so very slowly, however, that
objects made of pure tin do not usually decompose as a
result of ambient temperature fluctuations. Neverthe-
less, this does sometimes happen and it is known as
“tin plague”. )

Diamond and graphite can be reversibly transformed
into one another at very high pressures. Under at-
mospheric conditions graphite is the stable form; the
transformation of diamond into graphite, however,
does not take place at a speed that can be measured.

Investigations have shown that in these cases there
is a specific region of existence.(“homogeneity region”)
for each modification, i.e. a certain range of pressures
and temperatures within which it is stable. This is not
the case for violet and white phosphorus; the white
variety is metastable under all conditions. The direct
conversion of violet to white phosphorus is therefore
not possible. The reverse transformation from white
to violet phosphorus does of course take pldce, too

81 G.S. Zhdanov, C. R. Acad. Sci. U.R.S.S. 48, 43, 1945.

41 In an analogousway the structure of -SiC is also designated
as 3C. The figure “3” again indicates the repeat distance along
the crystallographic c-axis, and the letter “C” indicates cubic
symmetry. .

151 There is only one cubic modification. All the others are rhom-
bohedral (R), hexagonal (H) or trigonal. In the literature the
trigonal modifications are usually also denoted by H, but
sometimes however by T, thus here we have 33T. .
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slowly to be measured at room temperature, but at a
measurable speed at, higher temperature.

Returning now to our subject proper, we can at
once see the connection with what has just been dis-
cussed. Clearly, the question of what causes polytyp-
ism leads at the same time to a question about the
stability of the different structure types. Are regions
of existence to be indicated for a few or for all the modi-
fications, and if so, why is it that under certain con-
ditions one structure is more stable than all the others?

As we saw in the above examples, transformations in
the solid state are often very slow. The fact that a
single furnace charge usually yields many different
types of silicon-carbide crystals at the same time, and
that different types of structure may even frequently be
found in the same fragment of silicon carbide there-
fore proves very little about their stability. It chiefly
illustrates that phase transitions in silicon carbide are
also very slow processes, certainly at room tempera-
ture, so that we do not reach the equilibrium situation,
in which a single stable structure occurs. At higher tem-
peratures one might expect the transition effects to be
accelerated, but even here, strange to say, transitions
in situ-have never been observed. This approach thus
does not yield direct evidence showing whether any
type of structure is stable or not.

-In principle, information about the stability of cer-
tain modifications can also be obtained from the re-
sults of accurate measurements of thermodynamic
duantities, such as the heat of combustion and the spe-
cific heat as a function of temperature. For silicon car-
bide these quantities have been determined in only
two cases: for 8-SiC and for «-SiC of the type 6H. The
values of the heat of combustion found were identical
within the accuracy of the measurements, and more
exact experiments are therefore needed in order to dem-
onstrate any possible differences. Nor is this so very
surprising, since the disposition of the nearest and
next-nearest neighbours of the atoms is the same in
all structures. Related to this is the fact that the densi-
ties of the different structure types differ by no more
than about 0.1%. In tin, carbon and phosphorus the
corresponding differences are very much greater. We
saw-in the introduction that the conspicuous features of
polytypism are the large number of modifications and
the peculiarly large repeat distances in the crystal
lattice. In view of what we have just said we ought to
add that polytypism may also be distinguished from
normal polymorphism by the subtlety of the differences
that determine the stability of the crystalline phases.
Because of this it has still not been found possible to
give any clear demarcation of the possible existence
regions, even for the most common structure types of
silicon carbide.
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Some theories on polytypism

In the last twenty-five years many special theories
have been put forward to account for the occurrence
of polytypism. This again shows that polytypism is re-
garded as something which is clearly distinct from nor-
mal polymorphism and requires distinct treatment. In
some theories each modification is considered to be a
stable phase. Most of them, however, assume that for-
tuitous causes such as impurities or lattice defects give
rise to the growth of long-period structures. In some of
the theories the two types of argument — thermody-
namic and growth-kinetic — are combined.

The first attempt at an explanation was made by
Lundqvist 6], who attributed polytypism to the effect
of chemical impurities. He based this view on differences
which he had observed in the aluminium content of
industrially prepared 4H, 15R and 6H crystals ( fig. 3).

100%
5H 4H
501
15R,
0

1 1
0 5 10 15 20 25xi0%

Fig. 3. The relation between the aluminium content and the rel-
ative number of crystals (in %) of the three most common types
of ¢-SiC (after D. Lundqvist [8]),

Some initial experiments carried out by Knippenberg
of these Laboratories with aluminium-doped silicon
carbide crystals gave no confirmation on this point,
for with crystals grown under otherwise identical con-
ditions it was not possible to show any relation between
aluminium content and crystal structure.

Recently, however, it has been shown that the growth
of a few simple structure types can be stimulated by the
addition of certain impurities — discovered quite by
chance. With complicated structures this has never yet
succeeded ; for that matter, it would be difficult to see
how the presence of impurities could cause the forma-
tion of these structures. This, and the fact that highly
complicated structures, like 387H, have also been found
in crystals of the highest purity, indicate that we must
look elsewhere, at least for the origins of the more com-
plicated structures.

A later theory attributes the growth of all except a
few of the simplest structures to the effect of screw dis-
locations. The idea underlying this theory, originally
put forward by Frank '?, can be understood by pictur-
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Partly because of some of the above-mentioned ob-
jections, Jagodzinski [0 put forward a theory about
fifteen years ago, the “vibration-entropy” theory,
which is based on quite different assumptions. The
basic assumption of this theory is that -SiC is really
the stable modification. The cubic crystals would have
the outer form, however, of an octahedron, a closed
figure for which in this case growth is slow—an assump-
tion which can be justified. The growth process can
be greatly accelerated by the introduction of stack-
ing faults, and larger crystals are then formed. If we
select these crystals for our investigations, then we are
applying a negative selection. To explain why the
stacking faults are built into the cubic structure period-
ically, the following reasoning is used. The differences
in lattice energy between the structure types must be
very slight, because the disposition of the nearest and
next-nearest neighbours -of the atoms is the same in all
structures. If we neglect these differences, all that really
remains for us is to consider the probability of the for-
mation of each of the structures. At first sight one
might be inclined to say that any disordered stacking of
double layers is more probable than any ordered suc-
cession, but upon closer consideration this is not so
evident. In fact, at the high temperatures at which SiC
crystals are formed the vibrations of the atoms in the
crystal lattice (lattice vibrations) represent a significant
part of the energy content. Now these vibrations are
seriously impeded by irregularities in the lattice. Hence
a periodic stacking would after all be preferred. The
lattice vibrations play such an important part in this
case because their (three-dimensional) effect is set off
against the effect of the one-dimensional sequence of
the stacking of the atomic layers. This theory is there-
fore based entirely on probabilities. The probability of
an ordered lattice is high. However, as the stacking of
the double layers becomes more complicated and the
difference compared with a completely disordered
structure becomes smaller, the probability of disorder
increases. The theory thus predicts a certain proba-
bility of stacking faults, which increases with the length
of the stacking period.

These predictions were tested experimentally by
Jagodzinski and at first found to be correct. Disorder
is found in many crystals of simple structure types,
and in the majority of crystals with structures with
large repeat distances. Crystals of the type 6H and
15R are found to be either well-ordered, or the degrée
of disorder (the relative number of disordered
double layers) fluctuates around 129, a value which
the theory suggests is likely ( fig. 6).

There is however some doubt about the stability
of f-SiC which Jagodzinski has postulated, and this
tends to undermine his theory. An even greater diffi-
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culty with this theory is that no evidence has ever
been found of any statistical distribution of the dis-
order, which would be expected with a probability
theory. On the contrary, such investigations as have
been made have always shown that the disorder was
localized in the crystals. Moreover, various examples
have meanwhile been found of structures that have
large repeat distances but no demonstrable disorder,
the occurrence of which would be extremely improbable
according to the theory. Finally Jagodzinski’s experi-
mental results themselves give indications that it is
not the structures with large repeat distances that have

- most disorder but the simple structures.

30
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—

Fig. 6. The frequency distribution of the degree of disorder «
in an arbitrary sample of N crystals (N = 150), practically all of
the sample being of the types 6H and 15R; AN is the number of
crystals with a degree of disorder between o and a + da.
(After H. Jagodzinski [101)

In spite of their differences, the three theories noted
above are in agreement that the formation of the var-
ious types is to some extent a matter of chance. The
thermodynamic stability of the higher structures plays
no part in these theories [11. It seems improbable,
therefore, that these theories are applicable to the
simple SiC structures, where there are sound reasons
for accepting the existence of real differences in free
energy. Knippenberg 11, for example, has found that
the frequency of occurrence of types 4H, 15R, 6H and
8H is a function not only of the degree of impurity, as
mentioned earlier, but also of the growth temperature
(fig. 7). Furthermore, the energy difference between
the highest level of the valence band and the lowest
level of the conduction band appears to differ consider-

“ably in these and various other simple types. It there-

fore seems not unreasonable to assume that the con-
tribution of the electron energy to the total lattice ener-
gy is dependent on the structure. The lattice constants
and the average “thickness” of the double layers vary,
though only very slightly, with the type of structure,
as has been shown for types 2H, 6H and 3C. Refined
X-ray-analytical determinations have shown that “h”
layers are somewhat thicker than “c” layers. Presum-
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ably, this again will involve small variations of the lattice
energy.

At this stage it is difficult to establish which struc-
tures are to be considered as true equilibrium phases;
this is still the subject of much debate. From the avail-
able experimental material one might be inclined to draw
a distinction between structures with large and small
repeat distances, and attribute an existence region to
the latter structures only. In this connection we should
mention the work of Van Vucht and Buschow [12] of
these Laboratories on compounds of rare earths (R)
with aluminium of the type RAIl;. These have struc-
tures, related to SiC, of the types 2H, 9R, 4H, 15R, 6H
and 3C. Which type is formed depends on the atomic
radius of R and on the growth temperature. For in-
stance, the structure of ErAls corresponds to 3C, HoAls
corresponds to 15R, while DyAls takes the 15R or 4H
structure, depending on the temperature. There can
be no doubt about the thermodynamic stability of
these structures. Zinc sulphide has the same structure
as silicon carbide; below 1000 °C the cubic phase is
stable, above 1200 °C the 2H structure. Studies of the
transition region have yielded evidence in support of
the stability of the 4H and 6H types of zinc sulphide
grown in that region.

No such evidence exists for the complicated types,
whether of SiC or of ZnS. Rather than attempting to
explain their existence and origin in terms of unknown
long-distance interactions between atoms, we are in-
clined, like Frank and Jagodzinski, to attribute them
to special circumstances during growth. To determine
whether this is justified or not, we shall have to look at
what is known about the inter-relationships between
growth conditions, crystal habit and structure types.
The investigations of these subjects have nearly all been
carried out since the theories we have mentioned were

6H

f

- 15R

."A’\

S — : :’<“ - ‘....
,."" ) \_'_\_'..r-—a.- ——————— 8H
Lol e e e i PN |
1600 2000 24 00 2800 320;7 °C
RN o

Fig. 7. Relation between the crystallization temperature and the
relative quantities f of resultant crystals of a number of simple
structure types. (After W. F. Kmppenberg ) ag are also figs. 8a,
9 and 11.) :

POLYTYPISM OF SiC 43

put forward. Conversely, these theories are largely
based on data applicable to industrial-quality silicon
carbide and not to material prepared under well-de-
fined conditions. It is therefore not surprising that the
later crystal-growth experiments have led to the
postulation of a new and alternative explanation for
the polytypism of silicon carbide. This will be dealt with
at the end of this article.

The growth of silicon-carbide crystals

As we mentioned earlier, the raw materials for the
industrial preparation of silicon carbide by the Ache-
son process are sand, coke, common salt and sawdust.
The reaction 3C + SiOs = SiC + 2CO takes place
in a furnace whose centre is first heated to 1900 °C,
then slowly to 2700 °C, and is finally maintained for
some time at a temperature of 2000 °C. The chemi-
cal reaction in fact starts to take place at 1800 °C;
the higher temperatures are needed to effect the recrys-
tallization, which results in an end product that can
be used as a grinding and polishing agent.

In laboratory syntheses this process’is divided into
two stages:

a) the preparation of SiC,
b) the recrystallization.

The initial materials used for the formation of ex-
tremely pure SiC are of course quite different from
those mentioned above. One such material is methyl-
trichlorosilane, CH3SiCls, which is decomposed on a
pure graphite rod at 1300-1800 °C in a hydrogen at-
mosphere, resulting in the formation of SiC. With this
process, known as the Van Arkel process, crystals of
high chemical purity can be prepared. Crystallographi- -
cally, however, the products are very impure; the crys-
tals are of very irregular shape and are built up from a
skeleton of «-SiC of indeterminate structure, between
which large amounts of 8-SiC have grown, constituting
the bulk of the crystals.

The recrystallization takes place at higher tempera-
tures, normally at 2300-2700 °C. For this next oper-
ation the SiC obtained is made into hollow cylinders
( fig. 8a) which are heated in a graphite crucible in an
argon or helium atmosphere (Lely’s method 231), On
the outside surface of the cylinders there is partial
decomposition of SiC, while at the same time there is
transport of material to the inside surface of the cylin-
der, where large crystals are formed, usually in the

[10] H. Jagodzinski, Neues Jahrb. Mineral.
1954

1] A theory that attempts to explain the phenomenon of poly-
typism on thermodynamic grounds, but which has found
little or no experimental support, has been put forward in:
C. J. Schneer, Acta cryst. 8, 279, 1955.

(123 . H. N. van Vucht and K. H. J. Buschow, J. less- -common
Met. 10, 98, 1966.

131 J. A. Lely, Ber. Dtsch. Keram. Ges. 32, 229, 1955.
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cancelled out when this reduction of the spring force
at the lowest position is equal to the inertial force.

The temperature of the gas in the cylinders fluctu-
ates considerably about a mean value of about 100 °C.
The thin, rolling part of the diaphragms cannot how-
ever come into contact with gas at this high temperature.
To reach the rolling part of the diaphragm’the gas
must first pass through the narrow gap Ss, where it
is cooled down by the local water cooling in the cylin-
der wall. Moreover, in the space R, the diaphragm
cavity, a small quantity of cold is generated. It can be
shown that this effect arises because the variation
of the volume of R with time is exactly out of phase
with the variation of the volume of the space above
the piston, since the upper wall of R is formed by the
thick part of the diaphragm, which describes the same
stroke as the piston ( fig. 3).

The diaphragms are made of polyurethane rubber.
The use of special processes for purifying the rubber and
for pressing the diaphragms ensures that the diaphragms
meet the very strict requirements for purity and di-
mensional accuracy. They have a working life of at
least 2000 hours, but they will generally operate for
even longer than 4000 hours. Changing a diaphragm
only takes about 30 minutes.

. The crankcase Ca is hermetically sealed. The pres-
sure in it, under normal conditions, is about 1 bar. If
one of the rolling diaphragms should start to leak,
the gas to be compressed would flow into Ca, causing
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" the pressure in it to rise. In such an event a pressure-

sensitive switch stops the compressor. The crankcase is
designed to be able to withstand the high pressure which
would appear inside it if the diaphragm failed.

Above each of the cylinders there is a double-acting
valve unit which can quickly be replaced if necessary.
The two valves in each unit are in the form of concen-
tric rings. The valve units are identical for both cylin-
ders. . :

The principles described above can also be applied
to the design of compressors with more than two
stages, giving a higher output pressure, or with a
different intake pressure, e.g. 1 bar or lower.

Summary. The compressor was developed for the Philips
helium liquefier, in which it is used to compress flowing helium
gas (24 g/s) from about 24 to 20 bars in two stages. The first piston
is motor-driven via a crankshaft, and the second is driven hydrau-
lically (with oil as the medium) by the first. The stroke of
the second piston is set by an overflow device, the oil that leaks
away being continuously pumped back. The compression spaces
are sealed with rolling diaphragms of polyurethane rubber, made
by a special process, which completely cover the heads of the
pistons. The diaphragms are not however stretched over the pis-
tons themselves but rest on a piston cap which has oil beneath it;
the position of the cap with respect to the piston is determined by
an overflow device. The difference between the oil pressure and
the gas pressure in the cylinder is constant and is determined by
the force which a spring exerts on the cap at the highest position
of the cap. The pressure difference is not affected by the inertial
forces acting on the piston cap. The gas coming into contact
with the rolling part of the diaphragms is much colder than the
gas in the other parts of the cylinder. The same principles can be
used in designing compressors with more than two cylinders and
a different intake pressure.
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A step-and-repeat camera for making photomasks
for integrated circuits

F. T. Klostermann

In the current technique for making monolithic integrated circuits a large number of
identical electronic circuits, each consisting of a number of circui:t elements, are formed
upon a silicon wafer perhaps 50 mm in diameter. This technique has only been made possible
by the most extensive refinements in mechanical and chemical processing. A particularly
important part is played by the photographic step-and-repeat process which has to meet
some exceptionally difficult accuracy requirements. The cameras which Philips have de-
veloped for this process can produce photomasks with an accuracy of 0.2 um or better.

[ntroduction: technology of monolithic integratéd circuits

Monolithic integrated circuits consist of very small
sut complicated structures, with even smallei"detail and
‘olerances, which are formed in a silicon crystal. The

lesired configurations are obtained by using a refined -

shotographic technique. The basic steps in the process
ire shown in fig. I 1. A coating of photosensitive
acquer (photoresist) is deposited on a wafer of silicon
»xidized at its surface. A microphotographic negative,
‘he photomask, is placed on the wafer and the coating
>f photoresist is exposed to thelight of a mercury lamp.
Theexposed areas of photoresist are dissolved in aliquid
leveloper (with another type of photoresistit is the unex-
»osed parts which are dissolved). At the places no longer
overed by photoresist the layer of SiOz can be dis-
jolved in a selective etching bath, and the remaining
>hotoresist is then removed. This photo-etching pro-
:ess is followed by a diffusion process which gives the
lesired doping to the areas of silicon from which the
>xide has been removed by etching; a new layer of
5109 is then formed. These processes, from the applica-
ion of the photoresist to the formation of a new layer
f SiOg, have to be repeated a number of times with
lifferent masks and different types of diffusion, as

Ir. F. T. Klostermann is with Philips Research Laboratories,
Sindhoven.

11 For a more detailed description see A. Schmitz, Solid circuits,
Philips tech. Rev. 27, 192-199, 1966.
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Fig. 1. Photographic process in the manufacture of integrated

circuits. . :

a) Silicon substrate with SiO2 layer and coating of photoresist.

b) Exposure in contact with a photomask.

¢) The exposed parts of the photoresist are dissolved.

d) The SiO2 layer is etched away at the places where the photo-
resist has been dissolved, then the remaining photoresist is
dissolved.
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silicon wafer in such a way that a// the successive pat-
terns register with each other over the entire surface
within the + 4 pm tolerance. This is only possible if
the mask patterns are very accurately located in the
same way in each of the photomasks. In placing the
successive photomasks on the silicon wafer, errors in
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Fig. 3. Multiple photomask, enlarged 3%, of the pattern

positioning are unavoidable and also contribute to the
inal error in registration. The error in the position of
any one pattern in the multiple mask must therefore be
only part of the total tolerance, say 4- 4 ym. This
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should be compared with the size of the complete mask,
which is 50 000 pm.

Limitations imposed by image quality

The degree of éhafpness of the pattern which can be
achieved in the microphotographic negative is limited
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shown in fig. 2f (“aluminium” mask used to apply the wiring).

by aberrations and diffraction in the optical image, by
light scattering during exposure, and by chemical dif-
fusion ‘during the development of the photographic
plate. If visible light and a very fine-grained silver-
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halide plate (Lippmann plate) are used, lines 1 pm wide
can be obtained with just sufficient sharpness.

" Ultra-violet light has the advantage that it suffers less
diffraction than visible light. The Rayleigh scattering
of light in Lippmann plates, however, increases with
decreasing wavelength and with blue or ultra-violet
light less sharp photographic negatives are obtained
than with green light [2), If the pattern is obtained with
ultra-violet light directed at a non-scatter or reduced-
scatter photographic material (such as a photoresist
coating [3] or PD material [4), lines of width less than
1 pm can be obtained which are sharp enough for
practical application. In this case the limit is probably
somewhere near 0.5 pm.

Much sharper images can be obtained with the aid of electron
optics. Experiments using electron beam techniques have yielded
particularly good results [5). For example, conductor patterns
have been produced whose line width was less than 0.1 pm. A
limitation with electron beam techniques is that details in a nega-
tive which are too fine to be obtained with light optics cannot —
for this veryreason — bereproduced satisfactorilyin the light-op-
tical copying process mentioned above (fig. 15). This makes it nec-
essary to work without a negative and to expose each silicon wafer
using the electron-optical equipment. The method is consequently
very expensive, especially since the image field in which very good
image quality is obtained is no larger than a few square milli-
metres, so that each silicon wafer has to be exposed in a great
many places in turn. Howe\;er, this method has other advantages
besides the improved sharpness of image, so that further develop-
ments along these lines séem likely.

Making masks photographically by the step-and-repeat
technique

One of the fundamental problems of the technology
we have described is that of making the multiple photo-

masks to the required accuracy. In one ingenious

method a pinhole array camera with a large number
of uniformly spaced holes is used, giving a reduced
image of the same mask pattern behind each hole 61,
Unfortunately, the image quality which can be obtained
is not good enough. In the “fly’s-eye” camera proposed
by IBM each hole is replaced by a simple moulded
plastic lens. The image quality achieved by this means
is acceptable for certain applications [7],

However, the most important and almost universally
employed method of producing photomasks is the
step-and-repeat technique. With this technique the
multiple photomask is obtained by optically recording
the mask pattern not simultaneously but successively,
on a reduced scale, at a number of positions on a
photographic plate. The chief advantage of this method
is that the “step-and-repeat camera” used for this pro-
cess can be provided with a very good optical system
whose image field has been matched to the size of the
mask patterns. Achieving the very high register accu-
racy which is required for the multiple photomasks of
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a set now depends on the accuracy of the displacement
system of the step-and-repeat camera.

Before discussing this matter in further detail let us
briefly mention some important features of the step-
and-repeat technique (8.

" Tobegin with, mask patterns are usually prepared at
a scale of say 200 : 1, with the aid of a numerically
controlled drawing-machine [8). These patterns are
then reduced in two stages: the first reduction, which
could typically be 10X, provides the object plates for
the step-and-repeat camera, and the second reduction,
of 20X, is carried out by the step-and-repeat camera
itself (101, In this second reduction, the plates used are
of the silver-halide type used in microphotography, like
the Kodak High Resolution plate. The plate can be
exposed “in motion” in the step-and-repeat camera by
using a xenon flash lamp; the photographic plate moves
uniformly in its own plane and the flash lamp is fired
whenever a position is reached at which an image of the
pattern must appear. This position is determined by
means of a measuring system. The duration of the flash
from the lamp can be so short (e.g. 10 ps) that the
movement causes no loss of sharpness at quite practical
rates of advance of the photographic plate (e.g. 1 mm/s).
The operation of a step-and-repeat camera with “in
motion” exposure is shown schematically in fig. 4.
The carriage S carrying the photographic plate moves
uniformly on a slideway and this permits a row of very
accurately located patterns to be obtained relatively
easily and quickly. The starting point of each successive
row has to be set each time (manually or by servo) by
displacing a second carriage which carries the projec-
tion system and moves at right angles to S.

X)X

Fig. 4. Step-and-repeat camera with “in motion” exposure for
generating a multlple photomask M object plate with a mask
pattern, positioned in a projection system with xenon flash lamp
X, condenserlens C and objective O. The photographic plate Fis on
a carriage S which moves at uniform speed. The measuring sys-
tem using a grating R determines the distance covered and gives
this information to the control and supply circuit U which fires the
flash lamp at the correct instants. The projection system is placed
on a second carriage, similar to S and moving at right angles to S,

whose displacement is determined w1th a second measurmg
system.
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To increase the production capacity a multiple step-
and-repeat camera (a “multi-barrel camera”) is gener-
ally employed. The principle shown diagrammatically
in fig. 4 remains unchanged and no drastic modifica-
tions need be made to the slide systems, the measuring
system or the control circuit. A number of projection
systems — six, for example — rigidly fastened to each
other, and with their flash lamps fired by the same
pulse, are placed side by side on one carriage and six
phetographic plates are fitted to the other, which moves
at right angles to the first (fig. 5). Six different object

—»,I/S
NN
/.

Fig. 5. Multiple step-and-repeat camera with “in motion” ex-
posure. Two rows of three photographic plates are mounted on
carriage S, each plate being exposed by its own projection
system. The two rows of three projection systems are themselves
mounted on a second carriage which moves at right angles to S.

plates, each showing one of the mask patterns required
for a set of photomasks, are inserted in the projection
systems. In this way all the photomasks required for an
integrated circuit (usually not more than six to ten) can
be prepared in one or two runs.

With the multi-barrel camera, it is essential that both
simultaneously and successively made photomasks
should match each other exactly. The most critical
factors here are:

a) The accuracy of the slide systems.

b) The accuracy of the measuring system.

¢) The positioning of the object plates.

d) The maintenance of focus and the correct reduction
factors. )

e) Temperature control.

An equipment that satisfies current (and even more
stringent) requirements in all these respects has been
developed in our Laboratories: under the least favour-
able conditions of use it gives a total error from all
these sources which is no greater than 4- 0.2 pm. The
various critical factors will be considered in the dis-
cussion of the equipment which follows.

STEP-AND-REPEAT CAMERA , 61

The Philips step-and-repeat camera

The slide systems

The ultimate accuracy of the photomasks depends
to a very large extent on the slide systems of the step-
and-repeat camera. The two most important require-
ments which the slide systems must satisfy are that the
random lateral deviations (perpendicular to the direc-
tion of travel) must be extremely small and that rota-
tion about the optical axes of the camera must be kept
to an absolute minimum. Lateral deviations give 1ise
to errors in photomasks which are made successively.
Rotation of the carriages about the optical axes causes
errors in photomasks that are made simultaneously by
the different projection systems. If the distance between
the optical axes is d and there is a rotation of Aa,
relative errors of dda are introduced.

A slide system with hydrostatic bearings which is
ideally suited for the step-and-repeat technique has
been developed (for other purposes)in these Laborator-
ies by De Gast [11], The design of a slide system of this

21 G. W. W. Stevens, Microphotography; photography and
- photofabrication at extreme resolution, Chapman and Hall,
London 1968, p. 27. : )

H. J. Schuetze and K. E. Hennings, Large-area masking with

patterns of micron and submicron element size, Semicond.

Prod. Solid State Technol. 9, No. 7, 31-35, 1966.

H. Jonker, C. J. Dippel, H. J. Houtman, C. J. G. F. Janssen

and L. K. H. van Beek, Physical development recording sys-

tems, I. General survey and photgochemical principles, Phot.

Sci. Engng. 13, 1-8, 1969 (No. 1); parts 1I, III, IV, V to

appear shortly.

51 T, H. P. Chang and W. C. Nixon, Electron beam formation

of 800 A wide aluminium lines, J. sci. Instr. 44, 231-234, 1967.

J. J. Murray and R. E. Maurer, Arrays of microphotographs

for microelectronic components, Semicond. Prod. 5, No. 2,

30-32, 1962.

P. A. Newman and V. E. Rible, Pinhole array camera for

integrated circuits, Appl. Optics 5, 1225-1228, 1966.

[1 W. E. Rudge, W. E. Harding and W. E. Mutter, Fly’s-eye
lens technique for generating semiconductor device fabrica-
tion masks, IBM J. Res. Devel. 7, 146-150, 1963. — An
interesting new method that promises high image quality is
the holographic method of simultaneous image multiplication
recently proposed by G. Groh of the Philips laboratory at
Hamburg (Appl. Optics 7, 1643-1644, 1968), now being
further investigated there.

(81 A. J. O’'Malley, The ABC’s of photomasking, Semicond.
Prod. Solid State Technol. 7, No. 11, 27-32, 1964.

[3:

=

[4

=

[6

=

"9 R. Ch. van Ommering and G. C. M. Schoenaker, The

“COBRA”, a small digital computer for numerical control
of machine tools, Philips tech. Rev. 27, 285-297, 1966, A
recent further development of this work is described by
C. Niessen and H. E. J. Wulms, Automatic drawing of masks
for integrated circuits, Philips tech. Rev. 30, 29-34, 1969.
[101 More direct methods for the first step have been developed
and further development is expected: in these methods the
object plates for the step-and-repeat camera are obtained
directly by numerically controlled exposure of the photo-
graphic plate. See for example: H. Freitag, Generating IC
masks automatically, Electronics 40, No. 18, 88-92, 1967.
113, G. C. de Gast, A new type of controlled restrictor
(M.D.R.) for double film hydrostatic bearings and its ap-
plication to high-precision machine tools; published in
Advances in machine tool design and research 1966 (Proc.
~ 7th Int. M.T.D.R. Conf., Univ. Birmingham), Pergamon
Press, Oxford 1967, pp. 273-298.

See also an article on a precision lathe, to appear shortly

in this journal. -
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temperature changes during the step-and-repeat pro-
cess therefore introduce errors. )

~ Because of this situation the temperature of the oil
supplied to the hydrostatic bearings is kept constant to
within - 0.05 °C and the flow of oil to the bearings
is also maintained during temporary halts in the pro-
cess. The temperature of the air supplied to the air
bearings is controlled to within 4+ 0.1 °C. To bring
the oil and air to the same final temperature the two
controlled temperatures have to be set to different
values, since the frictional heat developed in the oil
restrictions makes the oil about 1 °C warmer, while
the Joule-Kelvin effect cools the air in the air-bearing
gap by about 0.5 °C.

One factor that helps to give good temperature con-
trol is that the camera is in much better thermal contact
with the bearing oil than with the air in the room where
it is installed — the temperature in this room varies by
considerably more than 0.05 °C. Camera warm-up by
radiant heat from the operator can be prevented by a
simple radiation screen.

To eliminate as far as possible thermal expansion at
the measuring head — where errors would have a
pariicularly undesirable effect — the lamps in the
measuring heads have been chosen to have a dissipa-
tion as small as possible: it is less than 0.1 W per head.

‘We have measured the temperatures at a number of
critical points in one of our step-and-repeat cameras
in normal use in a room whose temperature remained
constant within 4+ 0.5 °C. The temperature variation
AT at these points remained within 4 0.1 °C during
a period of 1 hour. In the overall repetition error the
contribution that can_be expected from temperature
changes is proportional to AT; it is also proportional
to the distance w (see fig. 16) for photomasks made
simultaneously and to the distance u for photomasks
made successively. If w = 80 mm and # = 150 mm,
the error contributions are found to be 4+ 0.08 pm
and 4 0.15 pm respectively. This estimate only makes
allowance for the cont'raétion or expansion of structural
elements. Other types of distortion, such as bending,
can also occur but are not particularly significant in our
des1gn of camera.

Overall repetition accuracy

From the information given above we can draw up
the followmg list of contributions 4x to the total repe-
tition error.

a) Slide system.

Lateral reproducibility errors:

Rotation +- 0.1 second of arc;

therefore, for a distance of

80 mm between adjacent op-
* tical axes:

Ax1 =

Axs = + 0.16 pm.

4 0.03 pm.
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b) Measuring system (with vi-
brating-mirror frequency of
4 kHz).
Foracarriagespeed of L mm/s:
¢) Thermal expansion.
For photomasks made simul-

Ax3‘= + 0.12 pm.

taneously: Axa = 4 0.08 um.
For photomasks made succes- .
sively: Axs = £+ 0.15 pm.

Using these data we can make an estimate of the total
expected repetition error from the sum:

Axior = VE(dxn)2.
For photomasks made simultaneously we thus find:
Axior = VAx; + Ax% = 4 0.1 pm,

and for photomasks made successively:

Axtor = VAx2 + AxE + Ax% + Ax% = £0.25 pm.

How do these predictions compare with practical
experience? The relative repetition error between two
photomasks, whether produced simultaneously or
successively, can be measured with a comparator
arrangement; see fig. I7. The microscope M1 with a
fixed cross-wire is aligned on a particular mark in
photomask Fi by moving carriage S. The micrometer
eyepiece E of the second microscope Mz is then ad-
justed until the cross-wire is aligned on the corre-
sponding mark in photomask Fs. Carriage S is now
moved a relatively large distance, e.g. 30 mm, and M1
is again aligned on a mark and the adjustable eyepiece
of Moy is adjusted on the corresponding mark. The
difference between the two readings on the micro-

R ._G

Fig. 17. Comparator arrangement for measuring the repetition
error between two photomasks F1 and F2. These rest on a car-
riage S. The carriage is moved until a fixed cross-wire in micro-
scope M is aligned on a mark on Fi, and microscope M;
is set to the corresponding mark on Fz with the adjustable
micrometer eyepiece E. The carriage is then moved through &
large distance and this process is repeated.
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The use of digital circuits in data transmission

. P.J. van Gerwen

Data transmission is the name given to the transmission of digital signals in such a form
that they can be applied directly to a computer. Now that computers are being more and
more widely used, it is becoming much more important to be able to transmit these signals
reliably and at high speed. In this article it is shown that where data signals have to be
transmitted over ordinary telephone lines, digital circuits have several advantages over
conventional circuits containing inductors and capacitors. A survey is given of digital cir-
cuits designed for this purpose. The use of such circuits has made it possible to design a
data transmitter in the form of an integrated circuit on a chip a few millimetres square.

A significant development of the last few years is the
growth of a new branch of computer technology: the
combination of computer and telecommunications. To
make the most economic use of the computer, it is
located at a central point and connected to the more or
less distant places where the users are situated. The
information to be processed then has to be supplied to
the computer, often over a telephone line, and the
resultant information is communicated to the user in
the same way. The same situation is found where a
computer memory store is used as an information pro-
cessing centre, e.g. for the book-keeping of bank trans-
actions. Connection with the store allows any branch
of the bank to have details of the state of customers’
accounts without human intervention, and thus permits
demands for payment to be accepted without delay.

. In this kind of procedure the information (the data)
has to be transmitted in such a way that it can be
directly processed by the computer; this is known as
data transmission. Existing means of telecommunica-
tion would seem to be the most convenient means for
this purpose, in particular telegraph and telephone
lines. Can these be used directly, without modification
for transmitting data signals, i.e. signals consisting of
series of binary pulses? Although telegraph systems are
capable of handling binary signals, the bandwidth
available per telegraph channel is so small that the
speed at which the characters can be transmitted is far
too low for modern data transmission. In telephone
circuits the bandwidth is greater, giving a higher rate of

P. J. van Gerwen is with Philips Research Laboratories, Eindhoven.

transmission, but in order to use a telephone system
for binary pulse trains an extra operation is required.
Telephone lines are, after all, designed for speech: only
signals at frequencies required for intelligibility are
transmitted (ranging from 300 to 3400 Hz). Data sig-
nals, however, have a spectrum that also possesses a
d.c. component and a number of a.c. components out-
side this band, including components at very low fre-
quencies. Another difficulty is caused by the fact that
carrier telephony systems with many channels are used
for long-distance communications. In this case there is
usually a small frequency difference between the carrier
that is modulated in a channel at the transmitting end
and the carrier that is ,used for demodulation at the
receiving end. Because of this there is a small frequency
shift in the spectrum of the transmitted signals. This
does not matter for speech, where only the spectral
distribution of the signals is of importance; for data
transmission, however, the shape of the signals is
important, since it is determined by the time function.
The shift in frequency upsets the harmonic relation
between the components of the spectrum, and this may
lead to more than the admissible level of distortion.

This distortion could also be aggravated by the fact
that the phase characteristic of telephone circuits is
strongly curved, particularly at the edges of the trans-
mitted spectrum. If one were to attempt to transmit
signals below 300 Hz in a telephone channel, the signals
would be severely distorted.

However, it should be possible to avoid these difficul-
ties by applying the extra operation mentioned above.
In this operation the signals to be transmitted modulate
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a separate carrier in such a way.that the principal com-
ponents of the modulated signal lie within the frequen-
cy band available for telephony. The original signal is
then obtained by demodulation with this “data car-
rier” in the receiver. Now if there is a frequency shift
of the spectrum because the signal has arrived via a
carrier telephony system, there will also be a shift in
the data carrier. If the data carrier used for demodula-
tion in the receiver is given the same frequency shift,
which can be done by conventional methods, the
demodulated data signal again has the required shape.

Amplitude, frequency or phase modulation may be
used. Each of these methods has its advantages and
disadvantages for data transmission, but we shall not
go into this here. :

The essentials of a data system

Fig. 1 shows a block diagram of a conventional data
transmitter. The binary elements of the data signal, the

J L yp NSV

phony, it is necessary to use filters in the transmitter.
As indicated in fig. 1, the data signal is usually put
through a low-pass filter before being applied to the
modulator. After the filtering process, the higher-
frequency components in the data signal are no longer
present; the signal is then no longer binary. The output
signal from the modulator is passed through a band-
pass filter to suppress unwanted modulation products.
If both sidebands of the modulated signal are trans-
mitted, the design of this filter presents no great prob-
lems. In vestigial-sideband modulation however (see
below) this band-pass filter also has to nearly suppress
one of the sidebands. The de51gn of the filter is then
much more difficult. :

Fig. 2 shows the block diagram of a conventional
receiver for data signals. A band-pass filter is used here
at the input to suppress interference outside the re-
quired frequency band. After demodulation the signal
again goes through a low-pass filter, and the original

SAA~  gp ~AAA

DATA A Mod x ——--i
At ‘AVAVAVAVAV'
) ——————————————— Carr

Fig. 1. Block diagram of a conventional transmitter used for transmitting data via a tele-
phone line. DATA data-signal source, C! clock-signal source, Mod modulator, Carr carrier
source, LP low-pass filter, BP band-pass filter, L telephone line. The waveforms of the signals
are shown beside the appropriate connections. The modulation system used here is phase

modulation.

“bits”, are usually supplied to the transmitter in time
intervals controlled by a clock signal, which consists of
a series of equally spaced pulses. The frequency of this
signal, the clock frequency, is thus equal to the number
of bits per second, the bit frequency. Transmission using
a clock signal is known as synchronous data transmis-
sion. The clock signal can be transmitted in one form
or another to the receiver, where it is used for reconsti-
tution of the data signal already demodulated with the
appropriate carrier frequency.-

The data signal modulates the carrier at the trans-
mitter in a modulator. The carrier signal can be pro-
duced by an oscillator. If this is tied to the clock signal,
so that a. fixed relation exists between the clock fre-
quency and the carrier frequency, the data system is
said to be fully synchronized. Instead of using a separate
oscillator, the carrier signal can also be derived from
the clock signal. -

Since the output signal from the transmitter has to
remain within the frequency band laid down for tele-

form of the data signals is then reconstituted with the
aid of the clock signal.

Digital circuits

The conventional filters widely used in telephony,
made up from inductors and capacitors, can in prin-
ciple also be used for data transmission. Their use,
however, involves particular problems. Besides the
attenuation characteristic (attenuation of the signal
as a function of frequency) the phase characteristic
(phase shift as a function of frequency) now has to be
taken into account as well. To transmit the -bits
correctly it is desirable that the phase shift should be
proportional to the frequency, in other words that the
phase characteristic should be linear. (In telephony the
phase characteristic is not usually important.) This
makes it difficult to build conventional filters for data
transmission, especially if a sharp cut-off is required at
the edge of the frequency band; i.e. if the attenuation
characteristic has to have steep sides. There is then no
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alternative but to apply a phase correction.

A new principle of filter design has now been devel-
oped which presents new and attractive possibilities. As
will be shown, signals in certain frequency bands can
be suppressed by means of delay elements. This makes
it possible to obtain an attenuation characteristic which
has steep sides yet still has a linear phase characteristic.
Such filters therefore require no phase correction. These
filters are particularly attractive for digital signals,
since they can be designed entirely with digital tech-
niques, using bistable circuits (flip-flops) as delay ele-
ments. The operation and application of such digital
filters 111 is one of the subjects of this article.

In conventional telecommunication systems induc-
tors or transformers are usually used in the modulators.
In a data transmission system there are some advan-
tages if these are also made up from digital circuits.
Some circuits for digital modulators will be dealt with
in more detail shortly.

DIGITAL CIRCUITS IN DATA TRANSMISSION

73

Another feature of digital circuits that makes their
use for data transmission attractive is their great ver-
satility. We mean by this that an existing system can
often be combined with other units to allow operation
at other transmission rates, and that other features such
as the attenuation characteristic of a filter caneasily be |
modified. In conventional techniques this usually re-
quires an entirely new circuit design.

Transmission rate and bandwidth

The binary elements of a data signal can be trans-
mitted at a rate which increases with the bandwidth of
the transmission path. At a bandwidth of B hertz it is
theoretically possible to transmit 2B binary elements
per second. Many of the data systems in use today are
still a long way from this theoretical limit, since the
amplitude and phase characteristics of the transmission
path also have an effect on the transmission rate. For
example, a non-linear phase characteristic can cause

BP LP PAVEARW o
o
i AN l Dem == : Reg - f—>—
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1 |
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Fig. 2. Block diagram of a conventional data receiver. L telephone line, BP band-pass filter,;
Dem demodulator, Carr carrier, LP low-pass filter, Reg circuit for reconstituting the data-

signals, C/ clock-signal source.

The situation is different for the data receiver. The
modulated signal entering the receiver should be con-
sidered as an analogue signal rather than a digital
signal. The advantages of digital circuits seem less
obvious here. In fact, however, there are many ad-
vantages in including digital circuits in data receivers,
.and it seems likely that this will become standard prac-
tice in future. This point will be dealt with at the end
of the article.

‘The rapid increase in the use of digital circuits is
partly due to the advances made in the microminiaturi-
zation of electronic circuits. Digital circuits require a
fairly large number of elements, and it has now proved
possible to design these circuits-so as to use only tran-
sistors and resistors — components that lend them-
selves well to monolithic construction in an integrated
circuit. This greatly reduces the disadvantage of using
a large number of elements, and later on in this article
we shall discuss a data transmitter incorporated in a
crystal chip a few millimetres square.

distortion which increases with the transmission rate.
Moreover, the permissible rate depends on the form in
which the-modulated signal is transmitted. The theoret-
ical-limit mentioned above of 2B elements per second
is based on the assumption that only one of the side-
bands of the modulated signal is transmitted. Often,
however, both sidebands are transmitted, and this
reduces the permissible rate by a factor of 2. It is dif-
ficult- to suppress one of the sidebands completely.
Since the data signals contain components at very low
frequencies, signal components arise in the modulation
process which have frequencies very close to the carrier
frequency. It is therefore no easy matter to make a filter
that can clearly separate the two-sidebarids. A middle
way can be taken by using vestigial-sideband modula-

(11 See P. Leuthold, Filternetzwerke mit digitalen Schieberegi-
stern, Philips Res. Repts. Suppl. 1967, No. 5, also published in
Mlttellungen aus dem Institut fiir Hochfrequenztechmk an
der Eidgenbssischen Technischen Hochschule in Zurlch
published by Prof. Dr. F. E."Borgnis, 1967, No. 1.
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tion, in which one of the sidebands is only partly sup-
pressed [21, '

In the foregoing we have been concerned with a carrier which
is modulated by a binary signal, that is to say the carrier can be
in two distinct “states”. (This may relate to the amplitude, the
frequency or the phase, depending on the method of modulation
used.) It has been found, however, that an even greater rate can
be reached by modulating in such a way that more than two states
of the carrier are used. With a “quaternary” system, for instance,
using four different carrier states, the transmission rate can be
doubled. A method of modulating the carrier in such a way
consists in starting from a data signal which is digital, but not
binary, and thus contains elements with different amplitudes.
(Quaternary modulation methods do also exist, however, which
start from a binary data signal.) :

A disadvantage of this method of increasing the transmission
rate is that it makes the system more sensitive to noise and other
interference. Moreover, it imposes even stricter requirements on
the amplitude and phase‘characteristics of the transmission path.

Filters based on delay elements

We have mentioned above that signal components at
certain frequencies can be suppressed by using a delay
network. This can be seen as follows.

If an input signal u; of frequency w is given a delay |

7 and this delayed signal is added to the original one
(fig. 3), we may write the expression for the output
signal as:

us = uy {1 + exp (—jw)} = 2u1 cos }w7 exp (—}jwr).

M

The amplitude of uz thus varies with frequency as a
cosine function. At the frequencies where cos twr = 0
we have us = 0. There is also a phase shift between us
and w1, which is equal to }wz, i.e. proportional to the
frequency.

A filter may be obtained by using a large number of
these delay elements. Fig. 4 shows a series arrangement
of 2n elements, each of which gives a delay t. The out-
put signals of the elements are added in a particular
series of ratios, which are expressed by the introduction
of weighting factors Cx (—n = k < n), which operate
on the signals before addition. If the input signal is
again u1, then the output signal obtained in this way is:
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+u
Uy =uy X Ckgxp{—jw(n+k)r}. R )

k=—n

If the delay network is symmetrical, in other words if
Cr = C_, then we can write (2) in the form:

up = uy [Co 4+ 2 2 Cy cos kw-c] exp(—jont). (3)

k=1

The phase shift between uy and wg is wnz, which is

"thus again proportional to the frequency. The phase

characteristic is therefore linear. The amplitude charac-
teristic is: ’

A(@) = Co+2 2 Crcoskwr. . . . (4

k=1

The form of this characteristic can thus be influenced
by the choice of the weighting factors. The best approxi-

mation to a specified shape for the amplitude charac-

T

[+]

§

Fig. 3. When a sinusoidal signal «; is fed to a delay element Del,
and the delayed signal is added to u1, the result is an output signal
ugz which is zero at certain frequencies.

1?

teristic 4(w) is obtained when the weighting factors
satisfy the equation:
afr
z I
Cp=— / A(w) cos kwt dw. N )]
2n

o

—aft

With the weighting factors chosen in this way the
shape of the function A(w) is usually only matched
exactly for n = oo, i.e. for an infinitely large number

Del
/\

- Fig. 4. Series arrangement of 2n
delay elements Del, each with a

delay time 7. The output signals

of the elements are added in cer-
tain ratios given by the weighting
factors C—n...Cn.-a input, b
output.
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of delay elements. In practice sufficient elements are
chosen to give the required degree of approximation.
From equations (3) and (4) we see that the delay net-
works under consideration, with our symmetry condi-
tion Cy = C_j, are able to provide all the amplitude
characteristics that can be represented by a Fourier
series containing cosine terms only. This implies that
A is an even periodic function of w. An amplitude
characteristic of this nature is shown in fig. 5. Its
period fr is equal to 1/z. The value of 7 is usually
taken at the smallest that will give an adequate approxi-
mation to A(w) with the chosen number of elements.
The frequency fr then becomes so high that it is easy
to limit the passband to one of the bands indicated in

A
A

FARGVARN

0 % f

-~
~-,

S\

2

[——

Fig. 5. Amplitude characteristic of a filter with delay elements.
This characteristic can be represented by a Fourier series con-
taining cosine terms only. The repetition period fr of the pass-
bands is equal to 1/7 (where T is the delay time of the elements);
the cut-off frequency of the first passband is denoted by fo. If
the first passband only is required, the others can be suppressed
by means of a simple filter.

Ooscr—— @ —4————4—4—————————
c
Jue FF FF FFlq4————————
R.p R.pet Rone2 R.pe3

the figure. For example, the signals at frequencies close
to fr, 2ft, etc., can be suppressed with a simple RC net-
work, retaining only the lowest passband (cut-off fre-
quency fp in fig. 5). When this is done the amplitude
and phase of the signals in this passband are not
significantly affected, provided f; is large. The result
is thus a low-pass filter with a linear phase character-
istic. A band-pass filter can be made in much the same
way.

A linear phase characteristic can also be obtained by choosing
the weighting factors such that Cr = —C_g. It follows from (2)
that in this case the amplitude characteristic consists of a series
with sine terms only. Assuming for simplicity that the number
of delay elements is infinitely large, the characteristic is given by:
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. © .
A(w) =2 I Cisin kwt.
k=1

©

This is obtained exactly with weighting factors Cy given by:

‘n/r

T .
57 [ A(w) sin kwt dw.

Ci: Q)
—;/1

In this case it also follows from equation (2) that besides a com-

ponent proportional to the frequency the phase shift between

input and output contains a constant component equal to 90°.

This can be utilized for producing signals with single-sideband

modulation 3],

Filters made on this principle are known as “trans-
versal filters” [4], They have not been widely applied
because it is difficult to make low-loss delay elements
for analogue signals from inductors and capacitors.
Another difficulty is that such filters are rather large
since they require a large number of delay elements.

Digital filters

Both of the above difficulties disappear if filters ex-
clusively for digital signals are to be designed. The delay
elements can then be bistable circuits (flip-flops). These
are connected in series and in effect form a shift register
(see fig. 6). The bistable circuits are switched from one

Fig. 6. Digital filter made up
from a shift register consisting of
a series arrangement of bistable
circuits (flip-flops) FF.R-n ... Rn
and r form a resistance network,
which ensures that the output
voltages of the bistable circuits
are added in a particular series
of ratios. Osc oscillator that pro-
duces the control pulses for the
shift register, a input, b output.

FF

Ry
. ob

state to the other by control pulses, causing the signal
to travel through the shift register. The frequency of
these pulses should be higher than the clock frequency
of the data signal, and is preferably an integral multiple
of the clock frequency. The clock signals can for

121 Qne of the sidebands can be completely suppressed, to double
the transmission rate, if a special code is applied to the data
signal, thus suppressing the components in the modulated

" signal that are close to the cartier. This is described in: P. J.
van Gerwen, On the generation and application of pseudo-
ternary codes in pulse transmission, Philips Res. Repts. 20,
469-484, 1965. o
P. Leuthold and F. Tisi, Ein Einseitenbandsystem fiir Daten-
itbertragung, Archiv elektr. Ubertr. 21, 354-362, 1967. . -
See H. E. Kallmann, Transversal filters, Proc. I.LR.E. 28,
302-310, 1940.

3}

4

=
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example be obtained by frequency division from the
oscillator supplying the control pulses. Conversely, the
control pulses can be derived by frequency multiplica-
tion from the clock signal, or the control-pulse oscilla-
tor can be synchronized with a higher harmonic of the
clock signal. :

The weighting factors for the output signals of the
bistable circuits are obtained with a resistance network
consisting of resistors R_, ... Ry and r. The voltage
across r is then proportional to the sum of these
signals. Since a bistable circuit can deliver two output
signals in opposite phase, the weighting factor may be
positive or negative as desired. The output signal does
of course contain components whose frequencies are
close to those of the control pulse and their higher
harmonics. These can be suppressed by connecting a
capacitor across r.

Fig. 7 shows the attenuation characteristic of a filter
of this kind which has 24 bistable circuits. The fre-
quency fr has been taken as 10f;. The dashed line
represents the characteristic that would be obtained
with an infinite number of elements.

It is important to note that the weighting factors, and
hence the shape of the amplitude characteristic of the
filter, are determined by the relative values of the resis-
tors. This kind of filter (except for the capacitor)
therefore lends itself very readily to integrated circuit
techniques, since the relative values of the resistors in
an integrated circuit can be fixed much more accu-
rately than their absolute values.

/\/

V

40
dB

30

20

10

—_—f

=0T

Fig. 7. Attenuation characteristic of a digital filter containing
24 bistable circuits, where fr = 10 fp. With an infinite number
of bistable circuits the characteristic would follow the dashed
line. ' )
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Since a digital filter with a shift register is far easier
to make than a filter containing a large number of delay
elements for analogue signals, digital filters have also
been used for analogue signals in some cases. In this
case the analogue signal is first converted into a digital
signal in an analogue-to-digital converter. (This can be
done by using pulse-code modulation or delta modula-
tion.) The filter is then followed by a decoder. Filters
built in this way are known as analogue code filters.

Digital modulators

The design of a digital modulator is based on the use
of a carrier in binary form, i.e. a “square wave”; its
repetition frequency should be an irtegral multiple of
half the clock frequency of the data signal. The data
signal also has to be supplied to the modulator in binary
form. (It is therefore not possible to use a low-pass filter
as in fig. 1.) With a carrier of this form, it is fairly easy
to design digital modulators for amplitude modulation
and also for frequency and phase modulation, as we
shall now show.

Amplitude modulation can be obtained by means of
an AND gate with two inputs. If we apply to these
inputs two different binary signals 4 and B, whose
instantaneous values can be referred to as 1 and 0
respectively, we obtain at the output a signal U which
has the value 1 if both 4 and B have this value. If
A=0or B=0 (or A=B=0), then U=0. In
Boolean algebra this function is expressed as A-B.
Fig. 8 shows the form of a binary data signal 4 with
a “binary carrier” B whose frequency (the fundamental
frequency, in analogue terms) is twice the clock fre-
quency of 4. The carrier again occurs in the output
signal U = A4-B, but now modulated in amplitude
by the data signal. Since the carrier is not sinusoidal,
the modulation products of its higher harmonics are
also obtained. As a rule these lie far outside the avail-
able frequency band and can therefore be suppressed
with a simple filter. The output signal U also contains
the data signal itself, and since the waveforms of A4
and B never cross the zero line, .U also contains a d.c.
term. The data signal lies in the frequency band of the
modulated signal to be transmitted, and is therefore in
effect a distortion of the modulated signal. It can
easily be eliminated, however, by subtracting the data -
signal at half-amblitudé from the output signal of the
AND gate (fig. 9). This also has the result of removing
the d.c. term from the output signal U. As can be seen
from fig. 9, the signal thus obtained is no longer binary
but ternary (with three levels). Such a signal can no
longer be directly processed in a digital filter with
bistable circuits, since these can only handle binary
signals. )

To obtain frequency modulation with a digita['?irduit
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U=A.B —|
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Fig. 8. AND gate with two inputs. When two binary signals 4
and B are applied to these inputs, the resultant output signal is
U = A - B. (Some of the symbols in this figure and figs. 9, 10
and 11 follow recent international recommendations; these are
indicated below fig. 10.)

LIEY

Ao A-B
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PN — —
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Fig. 9. When the data signal A at half-amplitude is subtracted
from the output signal of an AND gate a ternary output signal U
is obtained. This does not contain the data signal or a d.c. term,
but only the carrier, modulated by the data signal.

it is necessary to have two digital carriers at different
frequencies. (These can be obtained by frequency multi-
plication or by frequency division using a single oscilla-
tor.) The circuit must now work in such a way that
either the one or the other carrier is transmitted, de-
pending on whether the data signal has the value 1 or 0.
An example of such a circuit is shown in fig. 10. It is
built up from two AND gates, an OR gate and a NOT
gate. The data signal is applied to the input 4 and the
two carriers to the inputs B1 and Bs. The frequency
of Bj here is twice that of Bs. The NOT gate delivers
the inverted data signal 4. The output signal is now
written as A - By + A - By in Boolean algebra. This
signal, together with its various component parts, is
also shown in fig. 10. It is a digital signal whose fre-
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B,C
& A-By
Ao =1 o
' g A _I_._ ‘ U=A.B,+ A.B,
& A-B,
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Fig. 10. Digital frequency modulator made up from two AND
gates, one OR gate and one NOT gate, which supplies the
inverted signal 4. 4 data signal, B; and B2 binary carriers at
different frequencies. The output signal U is now a binary signal
with frequency modulation.

—»t

& =1 mod 2 & D
AND gate OR gate exclusive NOT gate
OR gate (inversion)

quency changes whenever the data signal switches from
the value 0 to 1 or vice versa.

A digital phase modulator can be obtained by using
a circuit known as a “modulo-2 adder”. This circuit,
also referred to as an exclusive OR gate, delivers an
output signal at the value 1 when the input signals are
unequal. The output signal is 0 when the input 51gnals
are equal (0 or 1). This relation between-the input sig-
nals 4 and B and the output signal U is represented
by the equation:

U=A-B+A-B.
In ﬁg; 11 this signal is shown together with its <com:

ponent parts. As long as the data signal A4 is zero, Uis
equal to the carrier; if A has the value 1, then U is equal
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picture of this monolithic circuit, which includes ‘203
transistors and 172 resistors. The transmitter.comprises
a modulator for phase moduilation, a filter containing
twelve bistable circuits, and two frequency dividers
(step-down ratio 1 : 2) which derive the clock signal
and the carrier from the control pulses of the filter.
Bistable circuits with an exceptionally low power con-
sumption are used [5), giving a total power .consump-
tion of only 120 mW. The control pulses come from
an oscillator which is not included in the circuit. If the
frequency of this oscillator is 9.6 kHz, .a' data signal
can be transmitted at a rate of 2400 bits per second.
The carrier frequency is then equal to the bit frequency,

and the 'spectrum of the modulated output signal lies

within the range from 600 to 3000 Hz. This transmitter
can-however also be used for a much higher transmis-
sion rate (a channel with a larger bandwidth is then
required). If the oscillator frequency is increased by a
factor of 20, the transmission rate and the carrier fre-
quency -are increased by the same factor. This means
that the transmission rate is then 48 000 bits per
second. The spectrum of the modulated.signal then
ranges from 12 to 60 kHz.

The versatility-of the transmitteris also'demonstrated
by the relative ease with which it can be altered from
amplitude modulation to phase modulation. We have
already shown how this can be done by simply adding
the inverted carrier to the phase-modulated signal
(fig. 12). The result is a ternary signal, and we have seen
that the spectrum of this signal cannot be limited with
a digital filter made up from bistable circuits. What can
be done, however, is to pass the phase-modulated
(binary) signal through the filter before adding the
inverted carrier to it.

Another block diagram (fig. 16) demonstrates
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further ways of increasing the versatility of a trans-
mitter (at least, in so far as no limitations are set by
the unit to be integrated). The clock pulses and the
carrier in this case are derived from the oscillator that
delivers the control pulses for the shift register, by
means of three frequency dividers, one of which has a
fixed step-down ratio of 2. (The carrier frequency is
thus always an integral multiple of half the clock fre-
quency.) By suitably choosing the other step-down
ratios, m and k, the transmitter can be made to
operate at different transmission rates with the oscilla-
tor frequency kept fixed. For example, with the same
oscillator frequency, clock signals can be obtained at
frequencies of 600, 1200 or 2400 bits/s, and there are
various possibilities for the carrier frequency. With
an oscillator frequency of say 28.8 kHz, and with

= 8 and k = 3, we obtain a clock signal of
1200 bits/s and a carrier frequency of 1800 Hz.

The transmitter of fig. 16 also allows a signal to be
transmitted with vestigial-sideband modulation or with
double-sideband modulation. For this purpose the
shift register is provided with two resistance networks,
which can be connected in by two switches S1 and Ss.
In one of these networks the resistors have values
which allow the lower sideband to be transmitted, and
in the other they are chosen to allow the upper side-
band to be transmitted. If both switches are closed,
both sidebands are transmitted. Fig. 17 shows the cor-
responding attenuation characteristics, measured at a
carrier frequency of 1800 Hz and a clock signal of
1200 bits/s. Finally, fig. 18 shows some of the corre-
sponding signals: the data signal, the modulated signal
(with phase modulation), the output signal from the
filter and the same signal after suppression of fre-
quency-components in the higher passbands.

Fig. 16. Block diagram of a more versatile data transmitter. The switches S1 and Sz allow
either the upper sideband, the lower sideband or both sidebands to be transmitted. The
appropriate choice of the step-down ratios m and k gives a fairly wide margin of freedom
in the choice of the clock frequency and the carrier frequency.
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Stoichiometry
“W. Albers and’ C."Haas
I. Existence region

11. Pomt defects and the control of their concentrations
ITI. The determination of existence regions

The initial outcome of the hzstoz ic dispute on the composztton of chemical compounds
(Dalton 1766-1844; Ber thollet 1 748-1822; Proust 1754-1826; etc. ) was that the composi-
tion of compounds is constant wzth szmple ratios between the numbers of the constituent
atoms. Although thermodynamlcs later showed that, strictly speaking, the composition of

" every compound can vary inside a certain region (the existence region), the simple concept

of the exact stoichiométric composition has lasted well. Modern research and experimental
methods have provided deéper insight into the composition of compounds.

Many physical properties vary markedly with composmon within the existence region.
These include properties like colour, diffusion, electrical conductzvzty, thermoelectric e.m.f.,

" Hall effect, photoconductivity, luminescence, magnetic susceptzbtlzty, laser action, etc.

The marked variability of these properties — particularly in semiconductors and insulators
— within an often extr emely narrow existence region has caught the attention of industry,
and as a result various’ interesting technical applications have been developed in the last
twenty years.

The article which starts below discusses questions concerned with stoichiometry and the
existence region. In the first part, it is shown that all compounds have an existence region;
the second part will deal in greater detail with the related point defects in the crystal lattice
and with the way in which their concentrations can be controlled; and the last part will
discuss the determination of existence regions.

I. Existence region
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It appears from ordinary chemical analysis that
compounds that are poor electrical conductors (insula-
tors, semiconductors) can be.assigned an exact propor-
tionality formula, in which the relative numbers of the
constituent atoms are given by ratios between integral
numbers, usually quite simple ones. This formula is
known as the stoichiometric composition i1J. Com-
pounds belonging to this group include all-the liquid
and solid organic compounds and-spome of the liquid
and solid inorganic compounds. In addition it has been
found that the group of metallic inorganic compounds
and alloys do not have an exact stoichiometric com-
position, but are often stable over a wide range of

Dr. W. Albers is with Philips Research Laboratories, Eindhoven;
Prof. Dr. C. Haas, formerly with Philips Research Laboratories,
is now Professor of Inorganic Chemistry at the University of
Groningen.

compositions, in other words they have a wide existence
region. ., N

. More exact:experiments demonstrate, however, that
the compounds that are insulators or semiconductors
also possess an existence region, although it is only a
very narrow one. From thermodynamic considerations
it can- be.shown that all compounds have an existence
region. Theoretically there is no difference between the
two groups. This means that in_any compound, say
ApBy, a certain quantity of native atoms or molecules
can be randoily dissolved (at least when 7> 0 °K,
see below). For crystalline substances, this means that
at T> 0 °K there is always a fraction of the constit-
uent atoms in disorder. This has very important con-
sequences, which are also of significance in technical
applications. Many physical properties are based on
this solubility ; they have their origin in the natiyg point
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defects, and may thus vary strongly with the composi-
tion inside the existence region. Because of this it is in
many cases impossible to characterize the chemically
pure compound by one specific value of a given prop-
erty, such as the value of the electrical resistivity.
However, it is possible to indicate the minimum and
maximum values at a given temperature.

It is of great importance to know the physical poten- v

tialities of a substance. In the last ten years many
investigators have for this reason attempted to deter-
mine the maximum solubilities of the constituent com-
ponents as a function of temperature, paying particular
attention to compounds with very narrow existence
regions. ‘

Determining the limits of existence regions, narrow
and broad, is the subject of the third part of this article;
the manner in which the concentrations of point defects
and charge carriers can be controlled inside the exist-
ence region — thus controlling many properties of the
substance — is the subject of the second part. We shall
now start with a few fundamental equations.

Phase equilibria

Ata given temperature T and pressure P the chemical
equilibria in a closed system will be such that the Gibbs
free energy (sometimes called the free enthalpy) G is
at a minimum, so that:

®@p,r=0. N ¢))

Two situations may arise here. The atoms may form
a single homogeneous body or may form into a number
of homogeneous regions (solid, liquid and gaseous)
which represent different states with, as a rule, different
compositions. These different states, which are in equi-
librium with each other and are in contact with each
other at an interface, are called the phases of the sys-
tem. A distinction between different phases has no
significance unless these phases can coexist.

If two bodies are in equilibrium with one another,
their temperatures are equal and also their pressures,
since bodies in equilibrium exert equal and opposite
forces on each other through the interface. The system
can be made to undergo a small change by changing
the temperature by dT, by clianging the pressure by dP
and also by the addition of a small quantity dn of a
substance The change in the Gibbsfree energy is then:

4G =—SdT ¥ VdP+ pdn, . . £e)

where S is the entropy, V the volume, T the absolute
temperature and u the chemlcal potential of the sub-
stance. o

If the substance contains atoms or groups of atoms
of a dissimilar kind /, they can be added separately, so
that equation (2) can be generalized to:
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dG = —SdT + VdP + X u@i) dn(i), . (3)
i

where u(i) is the chemical potential of the atoms i. ‘
After integration at constant P and T we find from
equation (3):

==‘Z.,u(i)ll(i)- B ()]

From equation (1) a number of other equilibrium
equations can be derived. The atoms / may occur in
different states, for example in two states indicated by
I and II. If the closed system in equilibrium containing
states I and II is taken as the sum of two open sub-
systems I and II (between which there can be exchange
of matetial), with Gibbs free energies Giand Gy, then for
the transfer of a fraction dn(i) from I to II-we have
from equations (1) and (3):

0G1ot = 0 = 3Gt + 0G1r = {w(it) — u(itr)} dn(i),

from which it follows that:

u(in) = p(im). N &)

(0 means that all the other variables remain constant
during the variation.) In equilibrium the chemical
potentials of component i in states I and II are thus
the same.

For a two-phase equilibrium in a binary system A-B
we may therefore write:

#(Apnase 1) = 4(Apnase 2), .. (6)
#(Bpnase 1) = #(Bpnase 2). O]

Different states may also occur within one phase. In
a crystal of an element A most atoms will be situated
at lattice sites (Auatt, state I), but a small fraction will
not (*A, state II, see below). In equilibrium, therefore,
from equation (5):

wAng) = p(*A). . ... (§)

An atom may also occur in a number of different
states in liquid and gaseous phase. For example, in a
gas in equilibrium an A atom may be bound to another
A atom (state I) and in addition there may be free A
atoms (state II), so that u(A1) = u(Am). If two atoms
ATz are added to sub-system IT with the simultaneous
removal of two atoms Ar from sub-system I, which is
equivalent to removing an Az molecule, we can write:

L

Ay =2uA). ... )
In the same way in a gaseous equilibrium-

#(AB) = u(A) + u(B), (10)

a1 J, A. A Ketelaar, Chem. Weekbl. 32, 58 and 262, 1935;
35, 852, 1938; 37, 522, 1940 (in Dutch).
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when A and B occur both bound to each other and
free. In equations (9) and (10) u(A2) and u(AB) are
again defined as the change of G due to the separate
addition of A and AB, respectively. Equations (9) and
(10) also apply to liquids in which there is dissociation
and to solid compounds with dissolved native atoms
(native disorder), since the derivation is a general one,
based on the sole premise that in equilibrium atoms in
different states are present side by side. For a solid
substance with the stoichiometric formula ApB, and
dissolved native atoms *A and *B we can thus write:

#(ApBg) = p p(*A) + g u(*B). (11)

Every compound has an exzstence region

To find the stable range of concentrations in a multi-
component system with the aid of equation (1) it is
necessary to know G as a function of the composition.
In a binary mixture A-B the composition may be given
by the fraction ‘

__ n(B)
‘ " n(A) + n(B)’
From equation (4) it follows that:
G = (1 —x) u(A) + x u(B). (12)

For the special case of no interaction between the
B atoms it may be deduced that:

#(B) = uO(B) + RT'In x, (13)

with 49(B) =

where x is expressed as the atomic fraction, and H and
S are respectively the enthalpy and the entropy per
gramme-atom of the appropriate element. Varying G
at constant P and T it follows from equations (4) and
(3) that:

H(B) —TS(B),

S (i) du(i) = 0 (14)

(the Gibbs-Duhem relation), which, with the aid of
equations (12) and (13), gives b,u(A)/bx = —RT/(l —Xx),
so that:

A) = M"(A) + RTIn (1— x), (15)

‘with JO(A) = H(A) —TS(A).

Solutions for which equations (13) and (15) apply
over the whole range of concentrations are referred to
as ideal solutions. Substituting equations (13) and (15)
into (12) we then find the Gibbs free energy of the ideal
mixture:

= {H(A) —TS(A)}(1 — x) + {H(B) — TS(B)}x + RT{(1 —x) In(1 —x) + xIn x},

A
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consisting of a part / which is linear in x and of a
logarithmic part m, called the mixing term (see fig. I).
This mixing term is negative, has a minimum
value —RTIn2 at x =1 and, since dmfox =
= RT In{x/(1 — x)}, has the slope —oo at x = 0 and
the slope --co at x = 1. These infinite slopes form the
basis of the disorder in all substances at T > 0 °K.

7/ 7 7/

o —x /7
AN /8
\\ Vs
\\ ’Il
\\\\ ”’/
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Fig. 1. Gibbs free energy (sometimes called the free enthalpy) G
as a function of x, the atomic fraction B of an ideal mixture A-B,
at constant pressure and temperature (solid line). This G-x curve
consists of a part / which is linear in x, and a “mixing term” m
(dashed lines). The hatching indicates the region in which com-
plete mixing takes place, in this case over the entire range of
compositions.

For non-ideal solutions the term / in equation (16) is
not linear in x. If the particles of the same type attract
one another more strongly than the dissimilar particles,
the curve of / against x will bend upwards (mixing uses
up heat; the enthalpy of the system increases), and as a
result of this there may be a hump in the G-x curve
( fig. 2). In this case the equilibrium condition (1) leads
to separation into two coexisting phases (referred to as
disproportionation). The compositions of the two
phases (I and II) can be found as follows. From equa-
tions (12) and the Gibbs-Duhem relation (14) we have:

oG

— = u(B) — u(A)

17

SubsEiiuting equaiiion (17) into equation (12) gives:

= 6—x (), (18)
WB) =G+ (=0 (). 19
16)

‘m
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Fig. 2. Figure corresponding to fig. 1 for a non-ideal system.
A and B have the same symmetry, and no compound is formed.
The location of the tangent v determines the boundaries of the
regions of miscibility and immiscibility. A(B) is the phase in
which B is dissolved in A, and B(A) is the phase in which A
is dissolved in B. The significance of r and s and the dotted part
of the G-x curve is explained in the text.

By combining equations (6), (7) and (17) we obtain:

(OG) _ (bG)

ox =21 0X /g=z, ’
where x1 and x» are the compositions of the coexisting
phases I and II. From equations (18) and (20) it follows

that:
oG oG
(G—x—) =(G—x—') .
0x z=% 0x =%y

From equations (20) and (21) it follows that x; and x3
can be found by constructing a tangent, such as uv in
fig. 2. C

Between x1 and x2 the vertical distance between the
G-x curve and the tangent uv gives the difference in
Gibbs free energy between the mixed and the dispro-
portionated system. The G-x curve between the de-
flection points r and s, with coiﬁpositions %3 and xg,
is shown dashed to indicate that in this region the
mixed system A-B is unstable because local dispro-
portionation on a microscopic scale causes a decrease
in Gibbs free energy (see thin line between r and s).
Consequently, once a disproportionation has occurred,
no matter how small it may be, it will persist. In the

(20)

@)

[2) This subject will be dealt with at greater length in a future
article in this journal on “Phase transitions and symmetry”.
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regions x1-xs and x4-x2 the system is metastable, since

in this case a small disproportionation may disappear
(see thin line between u and r). In these concentration
regions the mixed system can thus exist for a shorter
or a longer time, e.g. upon freezing-in.

“At T =0 °K the mixing term m in equation (16)
vanishes, so that there is disproportionation into pure
A and B. At the same time A and B are built upin an
entirely regular fashion. There is thus no *A present
with At (equation 8), since owing to the presence
of randomly dissolved *A, the entropy in that case
would contain a mixing term of finite value, whereas
the Nernst heat theorem requires that S=0 at
T == 0 °K. The mixing term does however make a
contribution for 7" > 0 °K, causing an infinite slope'
in the G-x curve at x = 0 and x = 1, which is always
greater than the (finite) increase due to /. As a result
there is disproportionation into an A-rich phase in
which B is dissolved : A(B), and-a B-rich phase in which
A is dissolved: B(A). It therefore follows from this that
for T' > 0 °K every substance is soluble to some extent
in every other. This is always true, for both ideal and
non-ideal solutions, since equations (13) and (15) are
generally valid for small values of x.

In figs. 1 and 2 the same G-x curve describes both
A(B) and B(A), which is only possible if they have the
same symmetry [2]. Generally speaking, coexisting
phases in the solid state will have different symmetry.
The conclusions just drawn, however, remain valid.
Suppose that at a given pressure P and temperature T
the phase A is stable in a crystal structure with space
group I, and phase B is stable in a structure with space
group II, so that G(Ax) < G(Am) and G(Bm) < G(B1).
Let us consider, for example, with reference to fig. 3,
the case where A and B mix ideally in the same space

Xo 1 B- ‘
B4y

1 —_—X

j
AB)

Fig. 3. Figure corresponding to fig. 1, but with different sym-
metries for the solid phases, denoted by I and 1I.

-
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Fig. 4. G-x curves for a system A-B where the compound AB is stable, a) at T = 0 °K,
b) at higher temperature. The dashed lines are again the / terms; the chain-dotted lines
indicate the stoichiometric composition of AB; AG(AB) is the Gibbs free energy of the
formation of AB per gramme-atom.
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Fig. 5. The width of the existence region depends on the magnitude of the Gibbs free energy
AG(AB) of the formation of AB (shown for a high value of 4G in &), on the steepness of
the G-x curve of the compound AB (with marked curvature shown in a and b), and on the
G-x curves of the adjacent phases A -and B (with smaller curvature drawn in d). :
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groups: The dashed lines /1
and /it are linear in x, and
the solid curves represent
G(x)1 and G(x)mx respec-
tively. Using the tangent
construction onecan imme-
diately see that in this case
there is also disproportion-
ation at T = 0 °K into
pure A and B, but that at
T > 0 °K both A and B are
alwayssolubleineachother.

If the molecules of differ-
ent kinds attract one an-
other more strongly than
those of the same kind, the
Iline bends downwards,
since heat is now liberated
in the mixing process. The
G-x curve will therefore
have a greater curvature
than in the case of ideal
mixing (fig. 1) and here also
this will result,at 7T > 0 °K,
in a continuous region of
random mixing from A to
B, and this appears to be
stable even at T = 0 °K.
However, at T = 0 °K the
Nernst heat theorem re-
quires zero entropy (S = 0),
and this rules out a random
building-up of matter; con-
sequently fully ordered solid
phases will also occur in this
case, possibly in great num-
bers, and they will be separ-
ated by miscibility gaps,
each of the solid phases
having an exact compo-
sition (and hence no exist-
ence region) at T = 0 °K.

Fig. 4 illustrates schemat-
ically the relevant parts of
the G-x curves for a binary
system A-B with immiscibil-
ity in the solid state, where
one compound is stable,
the one with the stoichio-
metric composition AB.
Fig. 4a shows the curves
for T = 0 °K, and fig. 4b
the curves for T > 0 °K.
AG(AB) is the Gibbs free
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energy of the formation of AB per gramme-atom.
For x < %, A dissolvesin AB, and for x > %, B dissolves
in AB. This corresponds to the occurrence of a
sudden change in slope in the G-x curve at x =%,
T =0°K. For T > 0 °K this curve appears to have
a simple minimum at the stoichiometric composition;
in other words, 92G/dx2 is positive in the neighbour-
hood of the compound AB.

This can be deduced as follows for the compound of
stoichiometric composition A; £B¢. Suppose that in a
particular composition region in the neighbourhood of
x = £ the mixture contains a large amount of “solvent”
with the composition A;-¢Bg and a small amount of
dissolved *A and *B, i.e. that n(*B) and n(*A) are
much less than n(Ai-&£Bg). The composition x is then
given by:

En(A1-£Bg) + n(*B)

x = N 7))
n(A1-£BE) + a(*B) + n(*A)
If we write [¥B] for
n(*B)
n(A1-£BE) + n(*B) + n(*A)
and similarly use [*A], we then have:
#(A) = u%*A) + RT'In [*A], (23)
#(B) = u%(*B) + RT In [*B]. 24)

Combining equations (11), (14) and (17) with

(22)-(24) gives the following expression for the curva-

ture of the G-x curve in the neighbourhood of &:
(02G> _ RT

0x2/zng (1 —E)P[*B] + £[*A]°

23)

which is positive for all values of x ~ & (see fig. 4b).
Tt also follows from equations (11), (23) and (24)
that:
ox (A1~ §BE) — (1 — uO(*A) — §u("B) _
P RT
= [*A]"“[*BY = K.

(26)

Here the disorder equilibrium constant X is to a good
approximation independent of the concentration be-
cause u(A1-£B¢) varies very little when the small con-
centrations [*A] and [*B] vary. At x =& we have
E[*A] = (1 — &)[*B], which, with equation (26) sub-
stituted into equation (25), gives:
22G ‘RT
| (ﬁ)‘ﬁs TR — oY

At the stoichiometric composition x = & the curvature

@n

of the G-x curve increases as the degree of disorder-

decreases.” Equation (26) shows that K goes to zero
when T approaches 0 °K. The curvature of the G-x
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curve at the stoichiometric composition (equation 27)
thus increases with decreasing T and is infinite at the
absolute zero point (fig. 4a). At absolute zero a com-
pound therefore has an exact stoichiometric composi-
tion. At temperatures above absolute zero a compound
has an existence region.

The width of the existence region

The following factors determine the width of the

existence region (see fig. 5). The existence region Ax
is wide when: '
1) The curvature of the curve G(AB) is small. This is
the case, as has just been shown, when the disorder
equilibrium constant K is large, that is to say when the
native disorder is large (see figs. 5a and 5c).
2) The Gibbs free energy 4G(AB) of the formation of
AB is high — cf. figs. 5aand 5b (in general terms, when
the free energy of formation of the compound is high
compared with that of the neighbouring phases). Fig. 6
shows the extreme case where 4G(AB) < 0, and yet
the compound AB is nevertheless metastable.

N
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Fig. 6. The G-x curves for the special case where 4G(AB) is
negative yet the compound AB is nevertheless metastable.

3) The mutual solubility energy of A in B and of B
in A is high—cf. figs. 5cand 5d (in general terms, when
the solubility energy of A in the B-rich adjacent phase
and that of B in the A-rich adjacent.phase are high).
It is evident from the foregoing that, depending on
the system, the width 4dx of an existence region at tem-
peratires above 0 °K can have all ‘values between 0
and 1. This has been confirmed experimeﬁtally.
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Examples are to be seen in Table I, where the order of
magnitude of Ax is given, increasing from left to right,
going from insulators and semiconductors to metallic
alloys or compounds.

Table I. Order of magnitude of the existence region dx of some
binary compounds and alloys [3), indicated in atomic fractions.

CdTe | PbS | SnS | PbTe | MnTe| Cr3Ss| SnTe | MnSb | CuAu

10-% |10-4|10-4| 10-4 | 103 | 10-2 | 10~2 | 10~ 1

The fact that insulators and semiconductors usually
have a narrow existence region and metallic compounds
a wide one will be discussed in more detail in part III.

General form of the existence region (cross-section)

The phase diagram shown in fig. 7 illustrates schemat-
ically the general shape of the existence region of AB
at a given pressure P between I'=0 °K and the
congruent melting point Teongr, for the binary system
A-B with one solid compound AB, a miscibility gap in
the solid phase and complete mixing in the liquid phase.
This T-x cross-section at constant pressure of the three-
dimensional P-T-x figure can be constructed from a
series of G-x curves for the solid phases A, AB and B
(see fig. 4), and the G-x curves of the liquid phase (/ig),
at a given pressure and at a series of different tempera-
tures. The compound AB is stable at the given pressure
P between the temperatures T = 0 °K and T = Teongr.
Between these temperatures the width of the existence
region Ax has a finite value. At T'= 0 °K the width
of the existence region is zero (equation (27) and
fig. 4a) and the compound is exactly stoichiometric

3] The data given in the table were obtained from the following
publications:
for CdTe: D. de Nobel, Philips Res. Repts. 14, 361, 430, 1959;
for PbS: J. Bloem and F. A. Kroger, Z. phys. Chemie Neue
Folge 7, 1, 1956 and W. Albers, C. Haas and H. J. Vink,
Philips Res. Repts. 18, 372, 1963;
for SnS: H. Rau, J. Phys. Chem. Solids 27, 761, 1966;
for PbTe: R. F. Brebrick and E. Gubner, J. chem. Phys. 36,
1283, 1962;
for MnTe: J. van den Boomgaard, to be published shortly in
Philips Res. Repts.; :
for CrsSa: F. Jellinek, Acta cryst. 10, 620, 1957;
for SnTe: R. F. Brebrick, J. Phys. Chem. Solids 24, 27, 1963;
for MnSb: Ch. Guillaud, Ann. Physique 4, 671, 1949 and
I. Teramoto and A. M. J. G. van Run, J. Phys. Chem. Solids
29, 347, 1968;
for CuAu: N. 8. Kurnakov and S. F. Zemczuzny, Z. anorg.
Chemie 54, 158, 1907.
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7;:ongr

0°K,

0

Fig. 7. Cross-section at constant pressure of the three-dimen-
sional P-T-x phase diagram of a binary system A-Bin which a
stable compound AB s present, thereisa miscibility gap in the solid
phase and the liquid phase is fully miscible. Te1 and Teg dre
eutectic temperatures, and Tcongr is the congruent melting point.

and completely ordered (Nernst heat theorem). The
width Ax is also zero at Teongr, but here the native

disorder is at a maximum (eq. 26). The boundary of

the existence region is a continuous line, except at the
eutectic temperatures Te1 and Tee. Owing to the
asymmetry of the G-x curves (fig. 4) the existence
region is asymmetric with respect to the stoichiometric
composition and, except at 7'= 0 °K, it may even lie
completely outside it. Because of this, congruent melt-
ing also occurs outside the stoichiometric composition,
while the exactly stoichiometric AB has a melting range
at temperatures below Teongr. '

The above properties of the existence region follow
from general thermodynamic considerations. They
therefore apply to all organic and inorganic liquid and
solid phases.

Summary. This article, the first of a series of three, gives a rather
detailed discussion of some of the questions concerned with
stoichiometry and the existence region of compounds. It is shown
that each compound has an existence region of a certain width
at T > 0 °K, and a general indication is given of the factors
determining the width of the existence region and its general
form. :
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eral lack of data on the critical point, the solubility
near this point seems to show no discontinuity. In
the laboratory hydrothermal conditions are thérefore
taken to refer to an aqueous environment above 100 °C
and above atmospheric pressure. In the past most of
the attempts to reproduce the hydrothermal process
of mineral formation were made by mineralogists and
geologists. They enclosed the materials in a reaction
vessel (an autoclave), which was heated to the required
temperature and in which the pressure depended on
the extent to which it was filled.

During the second world war the problem became
highly topical because of the need for oscillator crystals,
particularly in Germany and the United States. Crys-
tals of the low-temperature modification of quartz were
required, and these had to be prepared hydrothermally
since the demand far exceeded the supply of natural
crystals. Since that time an increasing amount of work
has been done on the hydrothermal growth of crystals,
and the number of materials that have been made in
this way is already over a hundred. The hydrothermal
method is no longer the exclusive property of mineralo-
gists and geologists, but has now found its way into
solid-state physics. The merits of the method account for
this very readily: crystals cari be grown hydrothermally
in the laboratory to standards of purity and perfection
that are seldom matched in nature. The substitution of
related elements (isomorphous substitution) enables
homologous compounds to be obtained, and it is even
possible to synthesize new compounds that have no
natural analogues. '

Conversely, the experience gained in solid-state re-
search had yielded an explanation for a problem that
has long puzzled geologists, the problem of how gold
deposits are formed in nature. At the end of this ar-
ticle we shall deal with this point in more detail.

The conventional method (11

The special aspects of the hydrothermal method stem
'dii'ectly from the physico-chemical properties of the
solvent water at the applied temperature and pressure.
Fig. I shows the p-T diagram of pure water, with the
filling factor (degree of fill) of the autoclave as a para-
meter. Since the filling factor is defined as the ratio of
the volume of liquid and reaction vessel (at 20 °C) it is
also correlated with the “total density” (above the crit-
ical point this is the density of the fluid state). With the
hydrothermal method the filling factor is usually be-
tween 50 and 80 %, and the pressure between 200 and
3000 bars. Under these conditions the value of the
dielectric constant is between 10 and 20, which means
that water under hydrothermal conditions is still to
be regarded as a polar solvent. Another very important
point is that the ion product of water (i.e. the pro-
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duct of the concentration of the H* and OH~ ions
into which the water has partly dissociated) increases
with rising temperature and density, and at 600 °C and
2000 bars it is about 105 times greater than at room
temperature. These conditions therefore give rise to
hydrolytic reactions.

Many substances that are not soluble in water at
room temperature and atmospheric pressure will show
increased solubility under these conditions. Often,
however, the solubility may still not be sufficiently high:
for crystal growth and synthesis it should not in prac-
tice be less than about 19%. The usual procedure is
therefore to make the environment alkaline by adding
NaOH or NagCOs3, which causes many substances to
dissolve sufficiently by the formation of complex
ions.

3200
bar ’ y
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Fig. 1. In the hydrothermal method crystal growth and chemical
synthesis take place in an aqueous solution at high temperature
and pressure in a closed vessel (an autoclave). The diagram re-
lates to pure water, and shows pressure as a function of tempera-
ture, with the filling factor (degree of fill) of the autoclave as para-
meter. The filling factor is usually between 50 and 80%; and the
pressure between 200 and 3000 bars. The chain-dotted line is the
equilibrium line of vapour and liquid, Ter is the critical tempera-
ture.

The solution equilibrium is in general temperature-
dependent. This dependence is made use of by placing
the material in a temperature gradient, so that it is
transported from places with a high solubility to places
with a low solubility [(2). This results in the growth of
relatively large crystals. Moreover, a seed crystal can
be placed in the low solubility region, as in growing of
quartz crystals (fig. 2).

As a result of the low viscosity ©of the hydrothermal
solution and of the strong convection due to the tem-
perature gradient the dissolved substance is transported
rapidly and consequently the reaction and growth
rate are generally high with this method.
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Fig. 2. Autoclave for growing
'\ ] \‘ quartz crystals in an alkaline
° solvent (I-molar NaOH). With
a pressure of about 1500 bars
and a temperature gradient of
400—-380 °C, material is trans-
ported from the mother liquor /
to the seed crystal 2. 3 frame to
which the seed crystal is fixed.
! S 4 grown crystal. The cap is pro-
vided with a safety device. (After
A. C.Walkerand E. Buehler, Ind.

*380°C Engng. Chem. 42, 1369, 1950.)

|2

L3

+-400°C

N\

The autoclave must be made of a special type of steel
to withstand the high temperature and pressure to
which it is subjected. To protect it from the corrosive
action of alkaline solutions the steel often has to
be coated with noble metals such as gold, silver or
platinum. .

For preliminary investigations on small quantities of
material it has been found that sealed gold capsules
can be used (fig. 3). In the equipment illustrated
here a pressure intensifier is used to provide an ex-
ternal counter-pressure on the capsules, which would
otherwise burst as a result of the internal pressure.

The relatively high cost of the equipment and the
complicated procedure limit the usefulness of the
method, however elegant it may be. We shall now
describe a method developed at the Philips Aachen
laboratory which does not have these disadvantages.
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Fig. 3. “Tem-Pres” apparatus used for preliminary experiments
on small quantities of material. The autoclaves are made of
steatite. The reaction vessel, which must be resistant to hot
alkaline solutions, is a sealed gold capsule 7, which may have a
volume between 0.25 and 2 cm3, 2 pressure gauge. 3 valve.
4 pressure intensifier. .

Crystal growth and chemical synthesis in an acid solven_f

The conventional hydrothermal method has another
disadvantage which we have not yet mentioned. It is
very suitable for oxidic compounds, in particular quartz
and silicates, but not very suitable for metallic com-
pounds of sulphur, selenium and tellurium, which are of
particular interest in modern solid-state research. This
is rather odd, since there are many natural examples of
sulphide ores formed under hydrothermal conditions.
These include sulphides which are among the less
soluble compounds. The usual method of increasing
the solubility by working in an alkaline solution does
not — apart from a few chalcogenides of zinc and
cadmium — lead to the desired result sin¢e hydrolysis
takes place. An attempt to use solutions containing
large quantities of sulphur as solutions of alkali poly-
sulphides, thiosulphates, etc., in the hope of forming
sulphide complexes, was equally unsuccessful. Quite
apart from the practical difficulties in these experi-
ments, due to the highly corrosive action of such solu-
tions, the results were disappointing.

A direct incentive to look for other methods arose in
the Philips Aachen laboratory when it became neces-
sary to grow crystals.of the mineral CuS. We then
investigated whether concentrated hydrohalic acids
(HC1, HBr, etc.) could be used as solvents. There

1] See A. A. Ballman and R. A. Laudise, in: The art and science
of growing crystals, edltor J. J. Gilman, Wiley, New York
1963, p. 231. :

[2] SeeA Rabenau, Philips tech Rev. 26, 117, 1965.
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We have just touched upon one of the important
advantages of the method, the possible establishment
of subsolidus equilibria because of the relatively low
temperature at which crystal growth and synthesis can
take place. This also played a part in growing Cul
crystals with a cubic zinc-blende structure (2 in fig. 6).
This modification is stable only below 369 °C. Above
this temperature the modification changes to a hexag-
onal wurtzite structure, and between 407 °C and the
melting point at 605 °C another cubic modification is
stable. The solubility of this compound in 2-molar HI
is so great and so highly temperature-dependent that
in this case crystals can be obtained by the simplest
method, i.e. by the cooling of a saturated solution.

Low growth temperatures are also important for
PbSe and CdS (3 and 4 in fig. 6). Both can also be grown
by other methods, but growth at a relatively low tem-
perature can give crystals of greater perfection.

Cul has attracted some attention because of its opto-
electronic properties. PbSe is used in infra-red detec-
tors and CdS in photoelectric cells.

Chalcogen halides

In some experiments with sulphides it was observed
that the sulphide itself was not transported but that,
ata sufficientlyhigh concentration of the hydrohalic acid
areaction takes place in which a thiohalide is formed.
For example, in 9-molar HBr stibnite, SbaSg, grows in
the form of beautiful crystals (6 in fig. 6), butin 10mo-
lar HI, the compound SbSI is formed, in accordance
with the equation: »

SbseS; + 2 HI S 2 SbSI + H,S.

In reactions of this type, liquid HeS has been formed
as a separate phase in capsules cooled to room
temperature. Similarly BiSBr is formed from Bi2Ss
(7 in fig. 6). This group of substances, in particular
SbSI, has recently been the subject of numerous in-
vestigations. SbSI combines ferroelectric with photo-
conductive properties. ’

In a similar way yp-HgsSeCl2 crystals are formed
starting from HgS in concentrated hydrochloric acid.

In groWing PbS from hydrohalic acids the formation
of red crystals has been observed, which upon analysis
have been found to be thiohalides of lead. Compounds
of this type have been known in the literature for more
than a hundred years. They are familiar in particular as
the bright red precipitate obtained when acid lead-salt
solutions are allowed to react with HzS. Until recently,
however, the chemical composition of these compounds
was still uncertain. Owing to their chemical instability
it was not possible to isolate them in a pure form. The
hydrothermal method has helped to provide the an-
swer here, leading directly to isolated single crystals
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which can be investigated chemically and by X-ray
analysis.

Two lead thiohalides were obtained: PbsSals (8 in
fig. 6) and Pb7S2Brio. The red colour of the crystals
corresponds to an energy gap of about 2eV at room
temperature. In a recent study of pseudobinary systems
that form PbS with PbCls, PbBre and Pbls it was
found that the two lead thiohalides are the only two
stable ternary compounds occurring in these systems.

We took this as an indication that our hydrothermal
method was especially useful for synthesizing chalco-
gen halides. We made use of this to investigate whether
such compounds exist of the transition elements of the
first group of the periodic system: Cu, Ag and Au.
Until recently the only compounds of this kind that had
been described were the silver compounds AgsSI and
AgsSBr, which have a perovskite-like structure. It is
a remarkable thing that no references to the existence of
corresponding copper compounds are to be found in
the literature. In fact, both the chalcogenides and the
halides of copper are stable, and the transport proper-
ties of these compounds have been extensively studied.
The application of our hydrothermal method resulted
in the discovery of both copper and gold compounds
(fig. 7). All of the new compounds are located at cuts
71 of the ternary phase diagram that run from the
metal halides MIXVII to selenium or tellurium. We
were able to prove that the copper systems are
pseudobinary systems. One might be inclined to deduce

o CuClTe
CuBrle
Culle

a CuClle,
CuBrk;
CulTe,

CuClSe,

AuClTe,
AuBrie;
Aulley

0 CuBrSe;
CulSey

Mml(Cu,Ag,Au)

x Ag;SBr
Ag,SI

XZE(cLBrI) ya(5,Se,Te)

Fig. 7. Ternary systems with the following components: the
transition metals of the first group Cu, Ag, and Au, the chalco-
gens S, Se, and Te, and the halogens CIl, Br, and 1. They are
indicated as MX, YVl and XVH respectively. The copper and gold
compounds formed in these systems are found to occur on
cuts running from the composition of the metal halides
MIXVII to that of the chalcogens YVI The silver compounds
indicated on the left were until recently the only known stable
compounds of these systems. It has since been found possible
to synthesize the compounds named on the right by hydrothermal
synthesis in an acid solution.
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A current view of geologists is that natural gold
deposits must have been deposited at temperatures
between 50 and 550 °C and at pressures up to 2000
bars (91, In natural conditions, weakly acid salt solu-
tions are available as solvent, with rock salt as the
main constituent, in concentrations greater than 2-mo-
lar. It has been established by experiment that gold is
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Fig. 11. Calculated concentration-temperature diagram, based
on a solution equilibrium which we assume to occur in the hy-
drothermal growth of gold. The complex ion AuCl3q is signifi-
cant here (see text). Gold transport from cold to hot could take
placein the temperature rangein which the concentration of AuClsg
shows marked variations. (For clarity the concentration of AuCla
is shown on a scale 10 times larger than the calculated value.)

in fact transported in weakly acid 10-molar NaCl
solutions. The oxidizing agent in this case was oxygen,
added in the form of Hz2Os.

We now assume that the transport of gold is based
on the following equation:

Au (solid) + 1.5 Clg (gas) + Cl- (aq) 55 AuCly (aq).

AuCly is a fairly stable complex, and its thermody-
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namic data are known. These data relate to normal
conditions. The values applicable to hydrothermal
conditions, obtained by extrapolation, must of course
be regarded as a very rough approximation. Fig. 11
shows the result of a calculation based on extrapolated
values. At low temperature there is virtually no free
halogen present. As the temperature rises, the complex
dissociates. In the region in which the concentration
of the complex varies strongly as a function of tempei-
ature we may expect a transport of gold from cold to
hot. €onsidering the approximation used, the agree-
ment between experiment and calculation may be re-
garded as satisfactory.

Summary. Problems connected with materials in solid-state re-
search are increasingly being solved with the aid of the hydro-
thermal method, in which materials are converted in aqueous
solutions at temperatures above 100 °C and pressures above
atmospheric. This method, originally borrowed from nature
permits the crystal growth and chemical synthesis at relatively
low temperatures. Substances that are not readily soluble
under normal conditions can often be sufficiently dissolved
in an alkaline solvent, resulting in the formation of complex
ions. Experiments are done by placing the material in a tempera-
ture gradient, which causes materials to be transported from
places of high solubility to places of low solubility. The method
is mainly used for oxidic compounds, quartz and silicates in
particular. The expense of the equipment and the complicated
procedure is a bar to its wider application. At Philips Aachen
laboratories a hydrothermal method has now been developed
which uses concentrated hydrohalic acids as solvent. This method
requires relatively simple equipment, and it is suitable for crys-
tal growth and synthesis of sulphides, selenides and tellurides,
which can rarely be grown in alkaline solutions. The method is
particularly suitable for synthesizing chalcogen halides. It has
also been used for growing crystals of elements such as tellurium,
arsenic, platinum and gold. Some details are given of the growth
of gold crystals in connection with a hypothesis on the origin of
natural gold deposits.
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Prospecting with neutrons

A W. Wylie and P. L. Eisler

In recent years, pioneering work in the development of very compact and reliable sealed-
off neutron generator tubes has been carried out by Philips Research Laboratories. Aninter-
esting application of such neutron tubes is the “logging” of bore holes for the detection of
useful minerals. The state of this rapidly developing field is reviewed and current experi-

mentation is described in this article.

General introduction to nuclear methods of bore-hole
logging

The principles of gamma spectrometry

The most generally applied method of prospecting
for minerals is diamond-core drilling: cores of the
layers cut through in the drilling are retrieved and
examined in the laboratory. Every year in countries
with an active mining industry many thousands of
metres of drill holes are sunk in this way to explore
the extent of mineral occurrences. In Australia in
1967 the total length of diamond-core drilling exceeded
520 000 metres; in Canada in 1965 the corresponding
length amounted to 2500000 metres [1],

The cost of core drilling considerably exceeds that
of simple percussion drilling. Whereas in Australia
the latter costs from 1 to 5 Australian dollars per foot,
the former will cost from 7 to 18 dollars per foot,
depending on depth, nature of rock and locality.
In addition, percussion holes can be put down more
speedily. These advantages make it very attractive to
replace the time-honoured technique of core drilling
by a method based on percussion holes and “logging”,
which means that a sensing instrument is lowered into
the hole to provide data on the nature of the strata
cut through. Logging of course will also cause some
extra cost but the total operation will remain much
cheaper than core drilling.

The problem of collecting sufficient down-hole in-
formation to guide the mining technologist is consid-
erable in view of the restricted size of the holes and
the nature of the environment. The latter is hostile to the

performance of precise physical measurements. Thus
the holes are frequently full of water to within a few
metres from the surface. Water pressure increases pro-
gressively with depth and amounts to about 300 N/cm?
(450 1bs./sq.in.) at 300 m. The sensing instrument
must be robust enough to withstand both this pressure
and the mechanical buffeting received when it is wound
up and down rough-walled holes on the end of a
cable between a hundred to more than one thousand
metres in length. In addition, it must be able to cope
with temperatures well above those at the surface.

The procedure adopted and discussed:in this article
consists in lowering down the drill hole a source of ra-
diation which causes the material of the walls to emit
signals (secondary radiation) carrying information
picked up by a detector mounted on top of the source.
Very penetrating gamma radiation produced in nuclear
processes is chosen as the most appropriate carrier of
signal information, since softer radiations are largely
absorbed by the walls of the logging tool, if not by the
water or slurry surrounding it, and therefore are use-
less for a general analytical method.

To excite gamma rays of sufficient intensity strong
irradiation of the rock matrix is essential. Fortunately,
compact sources of fast neutrons capable of generat-
ing gamma rays in substantial volumes of rock are
now available. It is the spectrometry of this gamma
radiation, produced by a source of fast rieutrons drawn
past the various formations, that forms the main basis
of element analysis. The fact that different types of
available sources will excite different nuclear processes
giving rise to various gamma emissions (page 100)

Dr. A. W. Wylie and P. L. Eisler are with the Division of Mineral
Chemistry of the Commonwealth Scientific and Industrial Research
Organisation (P. O. Box 124, Port Melbourne, Victoria 3207),
Australia.

[ Statistical Bulletin No. 3, Mineral Exploration, Common-
wealth Bureau of Census and Statistics, Canberra, 1967.
J. W. McBeanand G. H. Charlewood, Canadian Min. metall.
Bull. 60, No. 657, 63, 1967.
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adds to the appeal of the method, since each type of
excitation has its own advantages for particular ele-
ments and for particular situations.

Although the element analysis achieved will often
be less quantitative in the geophysically complicated
environment of a bore hole than in the favourable
“linear geometry” situation that applies when cores
are analysed in the laboratory, compensating advan-
tages are to be expected from the greater volume of
rock sampled and from the broad picture of element
distribution which can be obtained as the log goes
down the drill hole. Direct computer processing of
logging data, besides greatly facilitating interpretation
of the information gathered, will, moreover, permit its
ready storage and rapid comparison with information
from other drill holes.

Brief historical survey

For a number of years the oil industry has used nu-
clear techniques to supplement other methods of log-
ging oil wells. Early work 2] began with counting the
mixed radiations from naturally radioactive elements,
and with measurements of the intensity of scattered
gamma radiation, both of these logs being made essen-
tially to explore the stratigraphy of sedimentary for-
mations [8), Energy analysis of neutron-induced gamma
radiation was not feasible until the invention of suit-
able detectors and was limited in its early achievement
by inferior equipment. By 1958-1963, the radiative cap-
ture spectra of H, Si, S, Cl, Ca and Fe generated in
various formations by neutrons from a radioactive
source were recorded with the progenitors of the mod-
ern pulse-height analyser [4l. Resolution in these spec-
tra, however, still fell short of that required for general
application of the technique.

The advent, in 1957-1960, of the pulsable 14 MeV
neutron generator 51 (fig. J) improved the prospects
for better spectral resolution in gamma spectrometry,
as will be discussed below, and in oil-well logging en-
abled the radiation peaks due to inelastic scattering by
C, O and Mg to be detected under bore-hole condi-
tions [61. But with the single exception of iron, no ele-
ment heavier than calcium (atomic number 20, atomic
weight 40) was reported in these investigations, for
‘the sufficient reason that the “light” elements are the
elements most characteristic of the geological struc-
tures of interest in oil technology.

The geological situation normally encountered in
the mining industry is substantially different and more
vcomplex. Instead of an often considerable depth and
relatively uniform composition of sedimentary lime-
stones and sandstones for example, very variable
lithology may be encountered, especially in the vicinity
of an ore body. The ore body itself may be complex in
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composition and more complex in its interactions with
neutrons than sedimentary strata. Moreover, the num-
ber of elements of geological interest or economic
significance is not only large but is rapidly increasing.
Detailed spectral analysis of a variety of mainly heavy
elements is therefore likely to be needed in each specif-
ic case, at least with a considerable proportion of the
hole or holes drilled, and multichannel analysis seems
essential in view of the complexities of the spectrum.
No such work has been attempted by the industry it-
self in Western countries. The U.S.S.R., however,
notably through the work of the Ghubkin Institute
and the All-Union Research Institute of Nuclear Geo-
physics and Geochemistry in Moscow, have trained
many nuclear and other well-logging specialists
and have many field units engaged in the search for
minerals. Both activation [7)(8] and radiative capture
processes [819J101 discussed below, have been utilized
in these investigations.

Some general aspects of gamma spectrometry used in
logging

The available neutron sources will be discussed pres-
ently, and so will the detectors lowered down the
drill hole for analysing the gamma radiation obtained.
A few preliminary remarks may however be useful.

The down-hole equipment must be capable of trans-
mitting the detector pulses over considerable distances
without degrading their shape, so that the pulses can be
accurately sorted at the surface by a multichannel
pulse-height analyser. Alternatively, for example with
very long cables, the down-hole equipment should be
able to transmit digital information about pulse heights
to the surface instrumentation. When using different
detectors in one rig, multiplex operation may also be
desired. In each case, the result is a digital read-out
of intensity (count rate) versus channel number, i.e.
gamma photon energy (after calibration of the analy-

ser). This form of read-out is very suitable for handling

the large amount of information liable to be acquired
in logging a drill hole.

The power of the spectroséopic technique is clearly
determined by the resolvability and by the recording
rate of the spectrum excited. Whereas the performance
of a laboratory spectrometer is only limited by para-
meters governing the response function of the detector
and by the source intensity, the performance of a bore-
hole spectrometer is influenced by other important
factors. There are, for instance, spectral interferences
caused by radiation from the detector and its housing,
and spectral interferences from different nuclear reac-
tions. These two problems can be substantially over-
come by procedures shortly to be described. In addition,
owing to scattering and other effects, the true spectrum
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radiation (2.75 MeV), when the kernel radius was
found to measure approximately 28 cm for a 7.5 cm
(3 in.) diameter bore hole. That is, useful gamma
radiation can be obtained from 2¢Na sources up to
approximately 10 cm from the walls. Beyond this radi-
al distance the great bulk of the signal radiation is
scattered by the Compton process and thereby de-
graded in energy, so that it will contribute only to the
background in the lower energy portions of the spec-
trum. In the same rock the useful distance would be
smaller for lower energy radiation and substantially
larger (about 15 cm) for 7.6 MeV iron radiation.

Neutron and photon physics of the logging process

The release of fast neutrons within an extensive rock
matrix results in a number of competing processes of
gamma-ray excitation:

a) Inelastic collisions, the (n, n'y) process. A nucleus
is excited to one of its higher states by a neutron
which loses the corresponding amount of its energy,
and the nucleus rapidly returns to its normal state
by emitting the excitation energy as gamma radia-
tion.

b) Radiative neutron capture, the (n,)) process. A nu-
cleus undergoes transmutation by capturing a neu-
tron. This is accompanied by gamma emission,
and more gamma photons are emitted immediately
after the capture in the de-excitation process of the

- product nucleus.

c) Activation. An unstable compound nucleus is
formed by a neutron capture, and in the decay of
this radioactive nuclide different gamma photons
are emitted. In this case a delayed gamma emission
is observed; the intensity of this radiation varies
with time according to the half-life of the nuclide or
of its isomeric states.

d) Particle reactions such as (n,2n), (n,x), (n,p),
which may yield gamma rays by the subsequent
decay of radioactive reaction products.

The participation of wanted and unwanted constit-
uents of bore-hole surroundings in these processes
differs greatly for different materials, and it also de-
pends in different ways on neutron energy and results
in very different spectral, spatial and time distributions
of the gamma radiation produced. A few details of
this complex situation are given here.

a) The inelastic collision cross-section of a nuclide
(“reaction probability”) is a function of -the excita-
tion energy for its individual states. It is usually less
than 0.5 barn for one state, and the total cross-section
of the metallic elements sought frequently exceeds
1.5 barn. The greatest density of transitions of nuclei
occurring in minerals is in the 0.7-2.0 MeV range. For
the light and light-to-medium weight nuclei (atomic
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weight < 70) constituting the vast majority of rock and
ore-matrix elements the transition energy of the lowest
excited state, i.e. the threshold energy for inelastic
collision excitation, is above 2 MeV. For oxygen, which
is the most abundant rock element, it is 6.1 MeV ; for
carbon, which occurs in coal and limestones, it is 4.43
MeV. When the high-energy photons of these elements
are produced, as will be the case with many of the com-
monly available neutron sources (see below), these
spectral components complicate theresolution of peaks
in this spectral region. They may, however, be relevant
to the mineral prospector as an indirect guide to the
quality of, for example, dense sulphide ore bodies or
coals.

b) Radiative neutron capture occurs at a significant
rate only after the neutrons in the rock or ore matrix
have been slowed down to thermal (or nearly thermal)
velocities. This gamma radiation therefore is produced
with a certain delay — relative to the moment of neu-
tron production — and at a larger mean distance from
the borehole, as contrasted with the “prompt spectrum”
of the inelastic collisions. Most of the neutron-capture
gamma rays emitted and useful for identification have
energies in the range 2-10 MeV, and a fortunate cir-
cumstance is that many of the base metallic elements,
for example Ni, Fe, Cu, Ti, Mn, Cr and Pb, are dis-
tinguished from those of common rock (Si, Ca, Mg) by
the fact that their most important gamma radiations
occur in the high-energy range of 7-9 MeV. The main
source of interference, besides oxygen, is iron, because
its 7.65 MeV radiation greatly exceeds in intensity
neighbouring radiations of other nuclei and because it
is fairly abundant in most rocks as well as in many
ore bodies.

¢) Gamma rays emitted in the decay of a radioactive
nuclide formed by neutron capture have energy dis-
tributions which are largely below 3 MeV. The time
dependence of their intensity is a very useful feature:
when a nuclide has a relatively short half-life (< 10
min), identification of its characteristic radiation by
measurement of the half-life time may provide a power-
ful, and a sometimes necessary confirmatory test of a
suspected element. Interferences in these measurements
can arise only from products of particle reactions and
from isomeric states which have very short half-lives
(< 1 second).

d) Radioactive nuclides resulting from particle reac-
tions also may be useful for confirmatory identifica-
tions, although they are unsuitable for a general iden-
tification technique. For instance, the radiative neutron-
capture cross-section of lead is very small; the main
alternative to inelastic collisions for its identification
is the (n, 2n) reaction which results in 203ppm, 204ppm,
205ppm and 207Pbm jsomers of very short half-life.
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. It will be clear from the above that the diversity of
competing neutron induced reactions makes it desir-
able to carry out a separate spectral analysis for each
type of reaction. This is feasible because the slowing-
down of fast neutrons by inelastic collisions, the
absorption of slow neutrons by capture, and the decay
of unstable. nuclides formed are successive, though
overlapping, stages of neutron behaviour.

The slowing-down of the neutrons

The mean slowing-down time of fast neutrons to the
thermal energy of 0.025¢eV is a characteristic parameter
of the overall chemical composition of the medium. Itis
an appreciable quantity in any medium owing to the
long free path and to the large number of collisions
required for such a degradation of the initial neutron
energies. For a 3 MeV neutron, for instance, the first
collision mean free path is about 6.5 cm in granite
(with 1.59% water). The mean slowing-down time to
I eV in granite is about 45 ps, and to 0.025 eV about
300 us. There is therefore a significant delay before
the level of gamma radiation due to radiative neutron
capture can build up appreciably. This delay is aug-
mented by the diffusion of the thermal neutrons: the
“mean lifetime before capture” is roughly 1000 ps in
most rocks, although it is substantially smaller than
this in some ore bodies, haematite with 50 ps beingan
extreme example.

The spatial distribution of radiation processes is also
greatly influenced by this behaviour. Reverting to the
example of 3 MeV neutrons entering a granite rock
volume, the long mean free path, whose effect is en-
hanced by the strong forward scattering of fast neu-
trons and the small logarithmic energy decrement in
granite (~ 0.10), entails that the flux of fast neutrons
would still be significant as compared with the flux of
thermal neutrons at distances of up to 30 cm from the
source.

In a bore-hole configuration there is usually a thin sheath of
water (about 2 cm) between the logging tool and the surround-
ing rock. Approximate calculations, again for 3 MeV neutrons,
show that this does not cause an appreciable immediate slowing-
down effect on the neutrons emitted, although water has a
slowing-down time of only about 0.6 usto 1eV and of about 4 ys
to 0.025 eV. The reason is that the first collision mean free path in
water is still quite large, namely about 3.5 cm.

The above-mentioned mean slowing-down times of 45 us and
300 ps respectively will of course be somewhat reduced by the
presence of an inner sheath of water in the logging configuration.

The situation described provides the basis of two
techniques leading to improved spectral resolvability.
The more powerful of these involves the use of a
pulsed neutron source linked with a gated pulse-height
analyser. The onsetand duration of periods of gamma-
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ray energy analysis are preadjusted with a suitable delay
to those of the neutron bursts to accumulate the spectra
of gamma rays emitted by the preselected process of
neutron excitation. The other, more limited technique
applies to the use of a continuous neutron source and
depends on the difference between the spatial distri-
bution of the components of the fast-neutron and the
slow-neutron flux. This difference can be exploited to
vary the intensity of the spectral component from inelas-
tic collisions relative to that from slow-neutron capture
by appropriately adjusting the source-to-detector
spacing.

This brings us to a discussion of neutron sources,
detectors and other parts of the equipment used.

Equipment for logging by gamma spectrometry

Neutron sources

There are many types of neutron sources, but only
those are considered which would fit into a small bore-
hole logging tool (7-10 cm diameter), and which are
characterized by long life, high yield and simple oper-
ation. (These requirements in fact largely restrict our
choice to fast-neutron sources.) . ;

Radioactive nuclide sources emit neutrons as the reac-
tion products of either (e,n) or (y,n) processes. One such
source is beryllium activated by the alpha radiation of
plutonium (half-life 24 000 years). Witha mean neutron
energy of 4.1 MeV, the energy spectrum of this Pu-Be
source is mainly in the high-energy region (see fig. 2), so
that even the inelastic collision spectra of carbon and
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Fig. 2. Energy spectrum of neutron sources using radioactive
nuclides. The solid curve applies to a plutonium-beryllium source,
the dashed curve to a polonium-boron source, and the chain-dot-
ted curve to the much stronger californium fission source. The
relative neutron flux is plotted against the energy of the emitted
neutrons. '
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oxygen can be weakly excited. Outputs-of 107 neutrons/
second are readily available. A continuously operating
source with a lower neutron-energy distribution, such
as boron activated by the alpha radiation of polonium
(half-life 138 days), may enable easier resolution of
prompt photon spectra. The mean neutron energy
from the latter source is about 2.8 MeV (fig. 2) so that
the nuclei of many of the common rock and metallic
“ore elements will also be excited by inelastic collisions
with these neutrons. Since most of these resulting
gamma photons are also below 2 MeV, there will be
negligible interference in the high-energy region where
many of themostimportant components of the photon
spectrum of neutron capture are situated.

Thistypeofsourceis also useful in studying the lower-
energy range activation spectra, as interferences due to
particle reactions caused by high-energy (> 4 MeV)
neutrons are largely absent.

Very recently a new and powerful type of neutron
source has been announced 11 although these sources
are not yet freely available. The neutrons are produced
by spontaneous fission of the californium nuclide 252Cf
(half-life 2.65 years) and outputs of 1010 neutrons/sec-
ond are reported from a few milligrammes of califor-
nium. The energy spectrum of this source (also shown
in fig. 2) is mainly in the low-energy region.

Neutron tubes produce neutrons by the reaction of
accelerated charged particles with suitable nuclide
targets. Their advantages over available radioactive
nuclide sources of the (a,n) type are a greater yield and
the possibility of pulsed operation. The tubes of the
greatest practical importance use a tritium target bom-
barded by deuterium ions. The reaction taking place
is 3H (d,n) 4He 4 17.6 MeV, which produces 14 MeV
neutrons. Its effective cross-section is by far the highest
of the charged particle reactions occurring at the rela-
tively low accelerating voltages feasible with a down-
hole tube (about 100 keV). Among the current range of
commercially available sealed tubes producing 14 MeV

" neutrons, only two types of tube (both marketed by
Philips) are suitable for logging applications and these
have a continuous output restricted to a maximum of
approximately 108 neutrons/s. Both types have an
expected life of greater than 1000 hours and they can be
pulsed to provide neutron burst lengths of between
3 microseconds and 3 milliseconds or longer at a much
greater output rate than in continuous mode. The
attainable output of the first type of tube, pictured in
fig. 1 [5), during the pulse is 10° neutrons/s, at a duty
cycle of 10 per cent. With the second type of tube [12],
embodying an improved ion source, pulse-yield rates of
3x 101! neutrons/s are attainable, with the same con-
tinuous output and therefore at a proportionately
smaller duty cycle.
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Sealed tubes which utilize the 2H (d,n)3He reaction
and yield 2.8 MeV neutrons are also available. Despite
the advantage of this lower neutron energy the yield
rates from currently available tubes of this type are at”
present too low for logging purposes at comparable
accelerating voltages, certainly for pulsed output. Their
yield rate is about 100 times smaller than that of the
deuterium-tritium tubes.

Gamma radiation detectors

Our experience so far has been restricted to the well-
known Nal(TI) scintillation detector used with a pho-
tomultiplier (131 which has proved sufficiently rugged
for oil-well logging applications.

The solid-state Ge(Li) detector has distinct advan-
tages over the scintillation detectors in applications of
high-energy gamma ray spectrometry [14], notably
because of its energy resolution, which is at least 10-20
times better, and which largely offsets its lower detec-
tion efficiency due to the smaller feasible sensitive vol-
ume. The fragility of the Ge(Li) detectors, however,
and the requirement of cooling to liquid-nitrogen
temperature, present technological obstacles to their
immediate development as logging tool detectors.

The Nal(Tl) scintillator has an adequate intrinsic
efficiency at high photon energies, i.e. a large percent-
age of the incident photons are absorbed by liberation
of K-electrons. Each of these absorption processes in
a scintillator will by further ionization processes, either
directly or via a fluorescent photon, produce a num-
ber of ion pairs,i.e. a pulse amplitude, which should be
proportional to the incident photon energy (photo
peak). In a certain portion of these avalanche processes,
however, the fluorescent photon will escape from the
crystal, so that a pulse amplitude smaller by a certain
amount is obtained, and the spectral peak due to these
pulses (the escape peak) clearly will be more intense
when more photons can escape, i.e. when the crystal is
of a smaller size(15], The bore-hole configuration unfor-
tunately restricts the maximum crystal diameter to
about 5 cm, and in this case the photo peak obtained
in the Nal(Tl) crystal is relatively weak. For the same
crystal geometry, CsI(Na) has a larger photo-peak
efficiency than Nal(Tl) (30 % greater at 2.5 MeV), and
the relative difference increases with photon energy,
but this advantage is offset by a slightly inferior energy
resolution.

There are other problems associated with the use of
Nal and CslI crystals. One of them arises from the high
temperature sensitivity of photomultiplier tubes and
from the considerable environmental temperature
change expected during some logging operations [16],
This is surmountable, but large temperature changes
may require a wider range of gain stabilization than is
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offered by commercial equipment currently available.
Another problem is the required shielding between
detector and neutron source. This is an important prob-
lem which will now be discussed at some length.

Detector shielding

With a fast neutron source, two types of detector
shielding are necessary. One of these is a cylindrical
metallic shield to shut off the direct beam of source
radiation. This takes the form of a multicomponent
unit because a single element providing the required
effective absorption of both neutrons and gamma rays
emanating from the source does not exist. Shields fab-
ricated from materials such as tungsten-rich alloy or
copper can be located adjacent to the source for their
effective fast-neutron attenuation and for their slow-
neutron capture characteristics. Lead is usually pre-
ferred as the gamma-ray shield adjacent to the detector
because of its low capture cross-section and its ex-
cellent photon-attenuation properties.

A shield is also required around the detector to pro-
tect it from the neutrons scattered from the bore-hole
surroundings. The best materials are 1°B and §Li with
their large cross-sections for neutron removal by the
(n,o) reaction: ¢ = 3837 barns for 1°B and ¢ = 950
barns for SLi. However, the 477 keV photon emission
from the excited state of "Li may be a disadvantage of
the 19B (n,«)7Li shielding reaction in some applica-
“tions of low- and intermediate-energy gamma-ray spec-
trometry; also the high-energy photon measurements
may be affected, since after each pulse, irrespective
of its amplitude (i.e. photon energy), the detector
‘and analyser have a certain dead time, so that swamp-
ing the detector with unwanted low-energy pulses
will distort the response of the system to high-energy
pulses as well.

Analysis of bore-hole logging output data

A logging operation might be conducted in two
stages. The first stage would be a rapid continuous
“scanning” descent of the tool (up to 250 m per hour).
During this descent, a large number of radiative cap-
ture spectra would be consecutively recorded and
analysed, each spectrum representing a small length of
the bore hole (15-30 m). A single day’s operation would
thus provide preliminary information about the exist-
ence of mineral bearing zones even in the deepest holes.
This analysis could then be followed by more detailed
capture, inelastic scattering, or activation spectrometry
in the relatively short regions of interest indicated by
the first survey.

For a meaningful analysis of the data obtained
during the first run the statistical precision should be
adequate to reveal variations in spectral shape that
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correspond to significant chemical differences in the
matrix. The “channels ratio™ provides a simple and
sensitive test which is suitable for the expected rate of
accumulation of output data. The basis of the test is
that the ratio of the counts recorded in any two given
groups of consecutive pulse-height analyser channels
is constant only in cases of similarly shaped spectra.
The unavoidable loss of input signals during the digital
readout mode of the analyser can be minimized by using
high-speed output devices to furnish the operator with
the information required for calculation of channels
ratios.

Our experience with detailed gamma-ray spectra
indicates that a data convolution technique somewhat
similar to that of Yule [17] is necessary for a qualitative
analysis. For a quantitative analysis it is probably es-
sential to combine prior calibrations with programmed
curve-fitting procedures utilizing non-linear least-
squares techniques for both the gamma peaks (which
have a Gauss distribution) and the background. A
sophisticated approach to this problem is demanded
because the spectrum given by a scintillation detector
(particularly a capture or inelastic-collision spectrum)
consists of lines which are often partially coalesced;
because these lines are frequently of not much greater
intensity than the background; and because the back-
ground cannot be easily represented by a simple ana-
lytical function. Other information which seems essen-
tial to a solution at this stage consists of a) the likely
chemical composition of the rocks to be encountered
and of the ores sought — which is usually available
from the geological evidence — and b) the relative
intensities of photo peaks and escape peaks as a func-
tion of energy. The latter information is available in the
literature (181 from probability calculations. (These are
usually based on the Monte Carlo method, which al-
though not applicable to cylindrical geometry gives
results sufficiently accurate for our purpose.)

(11} W, C. Reinig, Nucl. Appl. 5, 24, 1968 (No. 1).

012} C.W.Elengaand O. Reifenschweiler, Proc. LA.E.A. Symp. on
Pulsed neutron research, Karlsruhe 1965, Vol. 2, p. 609-622.

131 On these detectors, see for example: The scintillation
spectroscopy of gamma radiation, editor S. M. Shafroth, publ.
Gordon & Breach, New York 1967, Vol. I, chapters 1 and 7.

(141 See for example W. K. Hofker, Semiconductor detectors
for ionizing radiation, Philips tech. Rev. 27, 323-336, 1966.

1150 An account of detection processes in a scintillator may be
found in Philips tech. Rev. 18, 1956/57, on p. 269, and 20,
209-219, 1958/59.

081 The geothermal gradient in Australia, though not large in
comparison with many other locations, amounts to approx-
imately 6 °C per 300 m, for example at Broken Hill and at
Cobar, N.S.W., and at Mt. Isa, Queensland. At a few local-
ities it is less than this, but at Rosebery, Tasmania, 8.7 °C
per 300 m is reported. See: Handbook of physical constants,
memoir 97, Geological Society of America, editor S.P.
Clark, Jr., New York 1966.

171 H. P. Yule, Anal. Chem. 38, 103, 1966.

H. P. Yule, Nucl. Instr. Meth. 54, 61, 1967.

(18 W. F. Miller and W.J. Snow, U.S.A. E.C. Report ANL-

6318, 1961.
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Stoichiometry

W. Albers and C. Haas

II. Point defects and the control of their concentrations

In a solid compound, say AB, the randomly dis-
solved native atoms and molecules are known as native
point defects, and are denoted by an asterisk, e.g. *A
and *B. Foreign point defects such as atoms of C dis-
solved in AB are not considered in this article. The
study of the chemical relations between point defects
is referred to as defect chemistry (4. The name “point
defect” arose from comparison with the “ideal” crystal,
which is perfectly ordered and in which all the atoms
are located at specific lattice sites. In the first part of
this articlel*3, which we shall refer to here as I, it was
shown that this ideal crystal is only stable at the abso-
lute zero point, and can therefore never actually be
obtained. At T > 0 °K every crystal contains imper-
fections, even if it has been prepared under ideal con-
ditions and it is in perfect equilibrium.

All zero-dimensional deviations from the ideal crystal
are known as point defects. One-dimensional defects
(line defects such as dislocations), two-dimensional
defects (lattice-plane defects, such as stacking faults)
and three-dimensional defects (volume defects, such as
polytypes) do not occur in equ1hbr1um This can be
seen as follows.

Let us assume that one point defect corresponds to

an enthalpy of ¢ (free bonds etc.) and that in a line
defect a whole row of atoms carries such free bonds,
each of enthalpy &. Let us also make the corresponding
assumptions for a plane defect and a volume defect.
a) Point defects. Let n be the number of point defects
in a crystal consisting of Np atoms. The enthalpy con-
tributed to the system by the point defects is then
Hpa = ne. The number of possible positions for one
point defect is of the order of No, so that the number of
possible arrangements is of the order of W = Ng#/n!.
The Gibbs free energy contributed by the point defects,
Gpa = Hpa — TSpa, is therefore:

Hpa— kT In W = ne — nkT In (No/n) — nkT.

Using the equiiibrium condition dGpgfon = 0 we
then obtain the following relation for the equilibrium
concentration of point defects:

n/No = exp (—e/kT).

Dr. W. Albers is. with Philips Research Laboratories, Eindhoven;

. Prof. Dr. C. Haas, formerly with Philips Research Laboratories,

is now Professor of Inorganic Chemistry at the University of
Groningen.

In other words, the concentration is independent of
Ng. At T > 0°K the point-defect concentration is
therefore not zero, even in an infinitely large crystal.
b) Line, plane and volume defects. Let m be the number
of line defects in a crystal cube containing No atoms.
One line contains Np'/3 atoms, so that the enthalpy
contributed by the lines is Hig = mNgl/3%¢. One line
can be positioned in No2/3 ways, i.e. W = No>™/3/m!,
and hence:

Gra = mNo3e — mkT In (No2/3]m) — mkT.

From this we find the number of dislocation lines in
equilibrium:
m = No2/3 exp (—eNo/3/kT),

so that m tends to zere as Np approaches infinity.
Similarly we can calculate that the numbers of plane
defects p and volume ‘defects g in equilibrium are
given by:

p = No'®exp (;isNom/kT),
g = exp (—sNo/kT?,

so that in these cases the equilibrium concentration
also becomes zero for No— co. In equilibrium con-
siderations we therefore need only take account of
point defects.

Incorporation types

Dissolved native atoms (*A and *B) which have
been dissolved in different ways represent different
states and are thus different point.defects. Fig. 8 shows
three ways in which native atoms can be incorporated
in AB. Fig. 8a shows *B interstitially dissolved in AB,
i.e. a B atom at a lattice site which is unoccupied in
the ideal crystal (By). Fig. 86 shows a point defect that

*1 W. Albers and C. Haas, Stoichiometry, I. Existence region,
Philips tech. Rev. 30, 82-88, 1969 (No. 3).

(41 C, Wagner and W. Schottky, Z. phys. Chemie Bll 163,
1930/31.
F. A. Kroger, The chemistry of imperfect crystals, North-
Holland Publ. Co., Amsterdam 1964.
F. A. Kroger and H J. Vink, Solid State Phys. 3, 307, 1956
H. J.Vink, in: Proc. Int. School of Physics “Enrico Fermi”,
Course XXII, Semiconductors, editor R. A. Smith, Academic
Press, New York 1963, p. 68.
W. Albers, in:Physics and chemistry of II-VI compounds,
editors M. Aven and J. S. Prener, North-Holland Publ. Co.,
Amsterdam 1967, chapter 4.
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Fig. 8. a)-f) Schematic diagrams showing six simple point defects
(referred to as By- Va- Ba - A1~ V- Ap).

also corresponds to an extra B atom, owing to the
absence of an A atom (Va, where V stands for vacancy).
The diagram of fig. 8¢ represents an incorporated *Bs
molecule. This point defect may be considered to have
been formed by substituting a B atom for an A atom
in the ideal crystal, i.e. a B atom at an A lattice site
(B4). Obviously, the diagram of fig. 8 is a very simple
representation. In actual fact the atoms of the crystal
which in the figure are located in the dotted circles will
be displaced from their “ideal” sites, so that the point
defect extends over a few lattice spacings. It remains,
however, a single point defect (zero-dimensional). Nor
need the incorporation take place symmetrically. For
example, in fig. 8¢ the B atom inside the circle can be
so far off centre that it could be described as a (VB;y)
associate, representing the same dissolved *Bs mole-
cule. It cannot therefore in any way be claimed that the
symbols we have mentioned represent the exact micro-
structure of the point defect.

The same applies of course for *A, which can be
incorporated in AB as A; or Vg (fig. 84 and &), and
*As as Ag (fig. &).

Equilibrium relations between point defects in one phase

Point defects can have a chemical potential assigned
tothem(see I). In principle all incorporation types occur
simultaneously, and a compound AB therefore contains
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many kinds of native point defects at 7> 0°K. In a
similar way to that in I we can derive the following
relations in equilibrium:

Cu(*A * A ®A
pCtAL) 2)=,”=/ii), 28)
" Vg Yn
and similarly:
*B *B *B
w( 11)=/¢( /z)=___=/4( ,m) 9
Y1 Vo Vm
uap) = LCA8)  £CBD). (30)
Vi Vi

where *Ajy is a native point defect consisting of »j
atoms A, incorporated as type k. For example, if
*Ar = A; or Vg, we have v = 1, and for *A; = As
we have v; = 2. The same holds for *B; and ;.

For small concentrations we can write:

€y
(32)

#(*Ax) = uO(*Ar) + RTIn [*Ax] ,
#(*Bi) = uO(*Bi) + RT In [*B{],

where the square brackets denote mole fractions. The
other symbols are used in the same way as in 1. Sub-
stituting from equations (31) and (32) into (30) gives:

VR
pP(*Ak)  ul(*By)
AB) — —
#(AB) - "
= exp =T = K, (33)

in which the disorder equilibrium constant Kj
at a given temperature (and pressure) is constant to a
good approximation, because w(AB) remains very
nearly unchanged for small variations of [*Ag] and
[*Bi]. We can write K as K9 exp (—A4H/RT), where AH
is the reaction enthalpy and K? is a factor that contains
the non-configurational part of the reaction entropy.
Equation (33) can be considered to have been obtained
by applying the law of mass action to the chemical
reaction

*Ak *Bl

ABcrystal <__> — + —
Vi v

(34)

Relations between the equilibrium concentrations of
native point defects can therefore be derived directly
by applying the law of mass action if a disordered
crystal is described in terms of a chemical equilibrium
reaction. ’

From the derivation of equation (33) it is evident
that the reaction equation (34) in no way expresses that
molecules of AB are to be found in the crystal AB.
AB is the stoichiometric formula of the ideal crystal,
i.e. the stoichiometric composition. As we noted ear-
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lier, the native point defects *Ay and *B; are usually
also very complex in structure. Relations like equation
(33) do not depend on the structure of the condensed
phase. They are valid both for liquids and for crystals,
covalent as well as ionic. The numerical value of the
equilibrium constant K does of course depend on
structural factors.

At the exact stoichiometric composition we can
write:

2 %A v = 2 [*Bi] wr';

on the AB(A) side the left-hand term is the larger, and
on the AB(B) side the right-hand term is the larger.

With the incorporation types described in fig. 8 we
can now use equation (33) to write down the following
nine native disorder relations of the binary compound
AB:

[Ai] [Bi] = Ki, (35)
[As]*/2[Bi] = Ko, (36)
[Vs] [Bi] = Kj, (37
[Ai] [Ba]/2 = Ky, (3%)
[Az] [Bal = Ks, (39)
[Vs] [Bal¥2 = Ka, (40)
[Ai] [Va] = K, (1)
[AB]Y2[VA] = Ks, (42)
[Ve] [Val = K. 43)

(The constants Ki - Ko are not independent of one
another, e.g. KoKy = K1K51/2)) The native disorder
relations (37) and (41) describe Frenkel disorder, equa-
tion (39) describes antistructure disorder, and equation
(43) describes Wagner-Schottky disorder. As a rule one
type of disorder predominates. The Frenkel type is
likely to be found if one of the constituent atoms is
large and the other small, as in silver halides, for
example. The alkali halides and PbS mainly have
Wagner-Schottky disorder, while antistructure disorder
is to be expected in compounds with atoms (ions)
possessing roughly the same electronegativity and
atomic or ionic radius, such as CdSb, ZnSb, MgsSn
and BigTes. '

Effectively charged point defects

Up to now we have discussed thermodynamic rela-
tions between native point defects that are effectively
neutral. A point defect in a substance is effectively
neutral if the substance does not become charged when
only this point defect is added. Apart from effectively
neutral point defects a substance also contains effec-
tively charged point defects and free electrons e and
holes h, in accordance with equilibrium reactions such

as: )
(45)

*A <5 FAY 4 e,

*B %5 *B%~ + 2h.
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In equations (44) and (45) *A is a donor, such as an
electropositive metal atom, and *B is an acceptor, such
as an electronegative metailoid.

Charged point- defects such as *A+ can also be
assigned a chemical potential u(*A+). The same applies
to free charge carriers, so that for the equilibria (44)
and (45) we may write:

H(*A) = p(*A*) + p(e) » (46)

u(*B) = p(*B%7) + 2u(h). (47

The chemical potential of electrons is also referred to
as the Fermi energy.

For small concentrations the concentration depend-
ence of the chemical potential is given by:

u(*A%) = uO(*A*) + RTIn[*A*], . . (48)
u(*B27) = uO(*B27) + RT'In [*B%7], . . (49)
u(e) = p9e) + RTInn, (50)
u(h) = uh) + RTInp, (51

where # and p represent the concentrations of electrons
and holes, respectively. These must be small in com-
parison with the effective density of states Nc in the
condition band and Ny in the valence band ;the follow-
ing expressions (for parabolic bands) apply:

T \3/2 ( m*(e)]3/2 '
Ne = 3.5% 1019 (— ' {i@} cm-3 (52)
300) m
T (82 (m*(h))3/2 ,
v = 3.5% 1019 (-) {m O m-s. . (53)
300 m

Here T is the absolute temperature, m* the effective
mass and m the rest mass of the free electron. The equa-
tions (52) and (53) therefore indicate that (50) and (51)
are valid at room temperature for charge-carrier con-
centrations of the order of 1019-1020 cm=3 if m*/m = 1
(i.e. about 0.1% of the total number of atoms). If the
temperature is low or m*/m < 1, the range of applica-
tion for these equations is very small (smaller than that
of equations 31, 32, 48 and 49). Exact but more com-
plicated expressions also exist, however, for larger
charge-carrier concentrations (Fermi-Dirac statistics).
If effectively charged point defects are present in
arbitrary numbers, the phase will have a net charge.
The electrostatic interaction between the charges gives
an extra contribution to the energy of the order of

E ~ 0®V¥R,

where o is the charge density, and ¥ = 4zR3/3 is the
volume of the phase (taken as a sphere of radius R).
If conventional thermodynamical considerations are
to be valid, then the extensive thermodynamic quan-
tities, such as energy, must be proportional to the
quantity of matter. This means that the charge density
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o for an infinitely large phase (V' — o) . must be zero;
in other words the phase must be electrically neutral.

The neutrality condition in the case where only
effectively single-valued charged atomic native point
defects occur in AB is:

AT +p=["B1+n, . ..
if A and B form respectively positive and negative
point.defects. ' -

Given equations (31), (32)and (48)-(51), we can apply
the law of mass action to reaction equations such as
*A 55 *At+ 4 e and *B 55 *B~ 4 h, which leads to
concentration relations such as:

[¥*At]n

(54)

Al = Ko , (55)
% =Kn . " (56)

From the equilibrium
ABcrystal 55 *A* + *B- &3]

it can be shown that
[*A+] [*B7] = Kiz (58)

(compare equation (58) with the equilibrium equation
for water [H+}[OH~] = K(H20)). Combination of
equations (33), (55), (56) and (58) gives the well-known
equilibrium relation from semiconductor physics [31:

np =K; . (59)

The equilibrium constants K can again be written as
K = K%exp (—4H/RT), where AH is the reaction
enthalpy and K9 is a factor.

In some cases the reaction enthalpy can be cal-
culated. For example, the AH of the reaction
NaClerystar 55 *Nat + *Cl-, in which the point de-
fects are incorporated as VZ; and V,, has been found
to have a value of 2.0 - 0.1 ¢V [6), It has been found
experimentally from the following cycle that AH =
2.12 eV,.which agrees well with the calculated value:

NaClcrystal ) <__> V;I.n —+ Na;‘s —4.80 eV
NaClerystar 55 V& + Cl,, —5.14eV
Na;;-xs + C]g_ns S NaClerystar + 7.82 eV
NaClerystal <__> Vgl + V;a —2.12eV

The factor K9 cannot be calculated, however, so that
m practice the equilibrium constants have to be deter-
mined experimentally. ’

From equations (54) and (58) it follows that the semi-
conducting substance AB is an N-type conductor if
[*A+] > [*B~]and a P-type conductor if [*B~] > [*A*].
This is not to say that the semiconductor AB with
surplus A is always an N-type conductor and the one
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then these may be donors,
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with. a surplus of B is always P-type. This depends on
the incorporation type. If, for example, surplus B
occurs mainly in the form of dissolved *Bs molecules,
in accordance with
*By X5 *Bo”* + ye (» is the number of charge units),
so that AB with surplus B is then an N-type conductor.
This will be the case for example if *Bs is incorporated
as Ba, and B has more valence electrons than A, which
is entirely comparable with the fact that arsenic incor-
porated in germanium at a Ge lattice site (Asge), and
indium incorporated in cadmium telluride at a Cd
lattice site (Incq) are donors. The converse applies for
*As in AB.

Control of the chemical potential of native point defects
and charge carriers with the aid of the coexisting gaseous
phase

If, at a certain temperature 7" and pressure P, the
solid phase AB, containing the point defects *Aj and
*By, is in equilibrium with a gas phase containing the
molecules A, and By, then:

HOAD = uAdeme s (60)
4(*B) =% 1T 61)

For ideal gases (i.e. at a not unduly high pressure) the
equations are:

,U(Av)gas = ,uo(Av)gas + RTIn P(Ay) , .
/L(Bw)ga.s = ,U;O(Bw)gas -+ RT In P(Bw) .

(62)
(63)

where P(Ay) and P(B,,) are the partial vapour pressures
of A, and B, in the coexisting gas phase. Substituting
from (31), (32), (62) and (63) into (60) and (61) we
obtain the general equations:

[*Axl = Kis {P(A)}"" (64)

[*Bi] = Kua {P(Bw))" ™. (65)

Combining these with equations such as (55), (56) and
(58) gives equations such as:

[*B-lp = Kus {(P(B)}V2, . . . . . (66)
[*B-]p = .I_@E 67)
p = A
[*A+ln = KioP(A), . . . . . .. . (68)
[*B2-p2 = 1% s e't‘c. ....... (69)

From the above equations it follows that the chemical
potentials and the concentrations of native point de-
fects and charge carriers in the condensed phase (e.g.
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crystals) can be determined by measuring the corre-
sponding chemical potentials or partial pressures in the
coexisting gas phase. The partial pressures may vary
considerably with the exact composition of the solid
phase. For example, in many binary compounds AB,
the partial equilibrium pressure P(Bg) at a given tem-
perature is many powers of ten higher on the B side of
the existence region of AB than on the A side, even
when the existence region is very narrow (see Table IT).
This means in principle that only a very rough approx-
imation to the composition of the coexisting vapour
phase is required to achieve a very exact composition
for the solid compound within the extremely narrow

1f the equilibrium constants Ki7, Kj and Kj2 are known,
we can calculate [*A*], [*B~], » and p with the aid of
these four equations as a function of the coexisting
partial vapour pressure P(A), and plot the result in a
graph. This is a somewhat complicated procedure. It
can be simplified by dividing the graph into three parts
(fig. 9), so that reduced neutrality conditions can be
used to a good approximation. In area I, with very low
P(A), where [*A*] and » are small (see equation 68),
the reduced electroneutrality relation becomes
p = [*B~]. Similar considerations apply to area III,
with high P(A): n = [¥*A+]. For area II in between
we either have n = p or [*A+] = [*B~], depending on

Table II. The existence region of a number of binary compounds 7). Columns 5 and 6 show
the order of magnitude of the partial equilibrium pressures of Oz, Se and Tez in the coexisting
gas phase at the metal-rich and metalloid-rich boundaries of the existence region, P(B2)AB(A)
and P(B2)AB(B) respectively. The last column gives the ratio of these pressures, Q.

5] See F. H. Stieltjes and L. J. Tummers, Philips tech Rev. 17,
233, 1955/56.
6} F, G Fumi and M. P. Tosi, Disc. Faraday Soc. 23, 92, 1957.
7] The data shown in the table have been taken from the fol-
lowing sources:
for FeO and Fe3Oa: L. S. Darken and R. W. Gurry,J Amer.
Chem. Soc. 68, 798, 1946;
for SnS: H. Rau, .T. Phys. Chem. Solids 27, 761, 1966;
for CdTe: D. de Nobel, Philips Res. Repts. 14, 361, 430,
1959;
for CusS: H. Rau, J. Phys. Chem. Solids 28, 903, 1967.

Com- 7| Bistence region in | WRHH O P(B:)AB(A) | P(By)AB(B)
pound in °C at.% of the mettalloxd region in torr in torr Q
componen in at.%
FeO 1230 512 -54.0 2.8 10-8 10-5 103
Fe304 1130 57.1 -574 0.3 10-7 101 108
SnS 730 50.00 -50.02 0.02 10-¢ 102 108
CdTe 750 49.9999-50.0002 0.0003 10-6 103 10°
CusS 600 333 -36.5 3.2 1010 103 1013
existence region, thus producing accurately defined I | I | m
. . .. !
physical properties. For example, by combining equa- p=["87] ! n=p ! n=[*a"]
tions (66)-(69) and equation (59) we see that it is pos- L E E
sible to choose within certain limits (i.e. corresponding 0% i | ! :
to those of the existence region) the type and the 0% ' ‘ E
. . . . . |
magnitude of the electrical conductivity of a semicon- 1081 t |
- ducting compound. 107k I |
This will be further illustrated with a simple example '
in which it is assumed that the only atomic native point 5
defects occurring in semiconducting AB are *A+ and 10 Y
*B-; in other words, the ionization energies of *A and 10" |
*B are assumed to be small compared with AT. The 103 |
relations for this case are: 102 A | i
. 1
*Atln = Ko P(A e e e 68 " Lt ' R ]
[ ] 17 ( )’ ( ) 10 7025 7028 7030 7032 1036 7035 : 7038
= K; :
np Ki, c e e e e e e (59) 2 KI > K]7P(A)
[*A*][*B-]=Ki2, . . . . . . . . (58) Fig 9. Calculated concentrations (in numbers/cm?) for electrons
e, holes h and two native point defects [*A+] and [*B-] as a
[*A*]+p=[*B]+n . .. .. (54) function of the partial pressure P(A) (at constant temperature).

The calculation is based on a number of assumptions explained
in the text. The calculation is valid inside the narrow existence
region of a semiconductor (the chain-dotted line gives the
stoichiometric composition): For simplicity it is assumed that
the reduced neutrality condition p = [*B-] holds in area [,
and that » = p in area Il and n = [*A*] in area III. The thin
lines indicate the corrections to be applied ‘if the complete
neutrality condition [*A*] 4- p = [*B~]4-n is _taken into
account. Representative values were taken for this calculation.
It illustrates (see also fig. 10) that large changes in the partial
pressures are required for small changes in the concentrations
of the pomt defects and charge carriers, makmg accurate control
of these concentrations possible.
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1039 cm~6 for K; and Kjs (which means that the com-
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10} ' . . i 1091 T=700°C
1 | 1
108} ; I | I VI yiig
v |
8B 1917} ' ! 18] - - +
10 : ! | 10 p=lez] in= 2 =]
106 | l | : —
. | 1
1075 R N B | 1 L 1 1 S | ! 107k i !
3
105} ; | ; P
] [} ]
161 : Pt
l 10" | | i 10%} -
! H ]
1071 ; | : !
8A g8l i | E 10"} i
7019 ] ] 1 [ \ 1 I | ] | | |
10 10% 1030 2 % ¥ ppF i
: 1
Ki2 K; > /(17/"’64 ) 1014_ :
N [}
Fig. 10. Deviations A and 0B from the stoichiometric com- H
position as a function of the partial pressure P(A) for a semi- 12 '
conducting compound AB, characterized by fig. 9. The deviations 107 !
are given in the number of atoms/cm3. The figure shows that : !
P(A) must increase by a factor of 108 in order to change AB with :
a surplus of 1018 B atoms (10-2 at. % B) into AB with a surplus 02l {
of 102 at. % A. )
i
]

. ,01/ | :

E : v |
whether K; is larger or smaller than Kjs. Taking the !
arbitrary but fairly typical values of 1034 cm=% and 100} E

[}
I
[}
[}
1

pound at the exact stoichiometric composition con-
tains 10!% native point defects *A+ and 105 native
point defects *B~, that is about 10739%), then area IJ
is characterized by p = n. The vertical axis of fig. 9
indicates the concentrations of native point defects and
of charge carriers, and the horizontal axis indicates
K17P(A). The thick lines represent the concentration
curves calculated with the reduced neutrality condi-
tions; the thin lines that round off the corners give the
corrections to be applied if equation (54) is taken fully
into account.

The deviation from the stoichiometric composition
SOA (with surplus A) and JB (with surplus B) is given
by: dA = [*At] — [*B~] = —0B. This deviation may
be derived directly from fig. 9, and is shown in fig. 10
as a function of P(A). Fig. 10 illustrates the case where
the partial pressure P(A) in the gas phase coexisting
with solid AB has to increase by a factor of 108 in
ordertochange AB with a surplus of 1018 B atoms cm—3,
i.e. about 1072 at. %/ (atomic per cent) into AB with
102 at. % of surplus A. The existence regions of figs. 9
and 10 are limited (not shown in the figure) by a low
P(A) value, where AB ceases to be stable at the given
temperature and changes to a phase richer in B, for
example B(A), and by a high value at which AB changes
to the neighbouring phase richer in A, for example

1 ] ]
1?2 ¥ p*

—— KyP(Cd)

]09 28 129 130 l 31
0% 0% 0P 10

Fig. 11. Figure corresponding to fig. 9 for the concentrations of
electrons, holes and native point defects of CdTe at 700 °C.
The vertical lines indicate the boundaries of the existence region.
(The calculation will be given in part IIL.)

A(B). Typical limiting values for some binary com-
pounds are given in Table II. It can be seen from this
that the ratio of these limiting values can be very large,
even for compounds with a very narrow existence
region.

Fig. 11 shows the concentrations of a number of
point defects and charge carriers occurring within the
existence region of the semiconductor CdTe at 700 °C
as a function of the partial vapour pressure of Cd in
the coexisting gas phase.

Summary. The partial vapour pressures in the coexisting gas

phase can be used to give accurate control of the concentrations

of point defects and charge carriers within the existence region

of the solid compound. This is clarified by means of a simple

theoretical model of a semiconductor. The result of measure-

ments and calculations for the semlconductor CdTe is glven as
practlcal example.
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A precision lathe with hydrostatic bearings and drive

H. J. J. Kraakman and J . G. C. de Gast

Philips Research Laboratories first took up work on precision lathes many years ago be-
cause of a need for turned surfaces of optical quality. At first all the work that was required
could be handled by a single lathe with special modifications, but eventually the demand
became so heavy that more machines had to be built. This provided a suitable opportunity
Jor introducing an entirely new design, and the first precision lathe built to the new design
is now in use in the Laboratories. A unique feature of the machine is the exclusive use of
hydrostatic bearings and drive; some of the bearings are made to have infinite stiffness
by a special control system. The movements of workpiece and tool are hydraulically con-

trolled to an accuracy previously unattainable.

About thirty years ago the need arose for a powerful,
wide-angle lens system that was free from spherical
aberration, for projection-television receivers. These
requirements were met by the Schmidt optical system,
which consists of a spherical mirror with a correction
plate. It was found possible to make this correction
plate from gelatine, using a circularly symmetric
mould which was copied from a jig on a lathe [11, The
required surface quality was obtained by using a dia-
mond-tipped tool. A further improvement in finish was
achieved in later years by changing the headstock
bearing of the lathe for a precision journal bearing
with clearances less than 1 pm [21,

Because of the high dimensional accuracy and good
finish that could be obtained with this lathe when a
good cutting tool was used, it was found to be invalu-
able for making objects such as resonant cavities, lenses
and mirrors for lasers, parabolic reflectors, pble—pieces
for electron microscopes and electrodes for the minia-
ture “Plumbicon’’ camera tube. Eventually there was
more work than one machine could handle and it was
decided to design a completely new precision lathe,
which would also be more suitable for workshop con-
ditions. This lathe is described in this article.

The main spindle and carriages in this lathe are

Ir. H.J. J. Kraakman is with Philips Research Laboratories, Eindho-
ven; Ir. J. G. C. de Gast, previously with Philips Research Labora-
tories, is now with the Philips Electronics Components and Mat-
erials Division (Elcoma), Eindhoven.

supported by hydrostatic bearings, that is to say bear-
ings in which the oil film is maintained by the supply
of oil under pressure. In this type of bearing the thick-
ness of the oil film between the bearing surfaces, and
hence the position of the moving part, is independent
of their relative speed. Moreover, under certain condi-
tions, the clearances can be quite large (20 to 40 wm),
which means that large fluctuations in the temperature
of the hydrostatic bearings cannot cause them to seize
up. Since there is never any metallic contact between
the moving parts of a hydrostatic bearing, there is
no “stick-slip” or wear.

Hydrostatic forces are also used for driving the carri-
ages. A linear hydraulic motor, with piston and cylinder,
was found to be a good choice of drive since it has no
periodic element. Periodic systems — such as the con-
ventional lead-screw and nut — have the disadvantage
that periodic irregularities (known as “ghosts™) are
produced in the machined surface [3]. The headstock
spindle is driven by a rotary hydraulic motor. The speed

(11 H. Rinia and P. M. van Alphen, The manufacture of correc-
tion plates for Schmidt optical systems, Philips tech. Rev. 9,
349-356, 1947/48.

[2] The diamond-tipped tool and the high-precision bearing were
made by L. M. Leblans; see L. M. Leblans, A high-precision
lathe headstock, Philips tech. Rev. 19, 68-69, 1957/58.

(31 W. R.Horsfield, Ruling engine with hydraulic drive, Appl.
Optics 4, 189-193, 1965. The “ghosts™ occur even when the
lead-screw is hydrostatically supported in the nut: J. H.
Rumbarger and G. Wertwijn, Hydrostatic lead screws, "
Machine Design 40, No. 9, 218-224, 1968.
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of this kind of motor can be regulated easily, it is
small enough to be built into the headstock, and it can
be made fairly insensitive to overload.

The use of these hydrostatic components means that
oil continuously circulates through and around all the
parts of the lathe, so that the lathe quickly assumes the
same temperature as the oil. This makes effective tem-
perature control possible. Because of this temperature
control and the absence of wear in the mating surfaces
of the hydrostatic bearings, and also because the head-
stock motor is not sensitive to overload, all kinds of
turning can be done on the lathe without any gradual
deterioration in the highest standard of finish that can
be attained; in addition, the time needed to reach this
degree of finish is negligibly short.

In this hydrostatic ‘bearing and drive system the
control of pressures and rates of flow plays an important
part. To obtain work with a high standard of finish it is
of course essential to keep the speeds of movement of
tool and work accurately constant. We have developed
the elements needed for these three functions — bear-
ing, drive and control — to the required degree of
accuracy and it can be expected that the new elements
will be of considerable interest in many other applica-
tions besides the lathe described here. Outstanding
among these elements are the double-film hydrostatic
bearings for the carriages, which can be made to have
infinite stiffness by means of a special method of pres-
sure control, the linear motor, the rotary hydraulic
motor and the control valves. A method has been found
which largely compensates for the unwanted forces
that arise because of the oil flow through these valves.
In the following these four components will be dealt
with at greater length, but first of all we shall give a gen-
eral description of the design of the lathe as a whole
and of the hydraulic system.

Design objectives

The lathe wag required for machining work up to
200 mm in length and diameter with a surface finish of
optical quality. A dimensional tolerance of 1 um was
given as a target figure for the design, with a maximum
out-of-roundness of 0.1 pm in the finished work.
These tolerances, which were laid down purely as a
target, have been achieved in practice; with a readily
machinable material and a good (diamond-tipped)
tool it is likely that even closer tolerances could be
met. However, to meet dimensional tolerances of
this order it-is essential that the temperature of the
work remains constant: for example, a piece of brass
100 mm long expands by 1.9 um for a temperature
increase of 1 °C. Where dimensional accuracy is im-
portant, it will therefore be necessary to use the lathe
in a controlled-temperature environment. This, how-
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ever, is not necessary to achieve a high surfacé-finish, .
since the control of the temperature of the circulating
oil makes the lathe sufficiently independent of the
ambient temperature. Achieving a high surface finish
was incidentally the most difficult of the objectives,
because the closer one gets to a surface of optical
quality the more every flaw shows up. A scratch only
0.1 pm deep is clearly visible.

To avoid all causes of surface flaws, the two carriages
that move the tool longitudinally and radially are
not mounted one above the other as they are in a stan-
dard lathe. Instead, the toolholder is mounted on a
traversing carriage and the headstock spindle on an
identical carriage which moves longitudinally, i.e. par-
allel to the axis of rotation. The tailstock is mounted
on a third carriage in line with the headstock, and the
centring cone is fixed (i.e. it does not rotate). The three
carriages are mounted on a lathe bed, with which they
form a compact and rigid assembly. A plan view of the
lathe is shown in fig. 1.

The linear hydraulic motors that apply the longitu-
dinal and traversing motion to the carriages for the
headstock spindle and for the toolholder are mounted
in line with the carriages to ensure well-defined move-
ment and a rigid construction. The motor housing, the
cylinder Cy! (fig. 2), is fixed to the slideway S and the
piston rod is attached directly to the carriage C.

670

s [ ]
[ ]

| B . . 1000
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Fig. 1. Plan view of the precision lathe. H headstock. TH tool- -
holder. T'S tailstock. S slideways of the carriages which carry
these three main units. The dimensions of the lathe bed are given
in millimetres. :

C{I

Fig. 2. The drive of a carriage C by the oil pressure in cylinder
Cyl, working on piston P. S is the slideway.
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fluid can escape, the outflow resistance Rp being de-
pendent upon the thickness of the film (the gap height)
h, the length / and the width 4. The fluid (usually oil)
is supplied from an external source through a series
resistance Ry, and at the centre of the bearing the clear-
ance is usually deepened to form a recess [61.

The fluid film can be built up by the bearing itself through the
pumping action due to the relative movement of the bearing
surfaces. Bearings of this type, which include the Leblans preci-
sion bearing mentioned earlier [2) and the spiral-groove bearing
described earlier in this journal [?), are called hydrodynamic
bearings. In a hydrodynamic bearing the fluid film, and hence the
position of the mating surfaces, depends on the relative speed.
For precision machines this is undesirable, particularly if the
speed is sometimes zero, which is often the case for machine-tool
carriages.

It is seen that a hydrostatic bearing always consists
of two resistances Ry and Rs in series, which are sup-
plied from an external source with a fluid (oil) under
pressure. In the steady state the fluid flow through the
resistances Ry and Rz has the same value @ and the
pressure pr between the resistances depends on Rs in
accordance with the relation:

Pr=psRef(R1i+ Ry, .. .. .. (1)

where ps is the pressure of the source.

R &

===

Fig. 5. Diagram of a hydrostatic bearing. I and II the two parts
of the bearing. F load. P oil pump. ¥ pressure-contro! valve. Ry
flow restrictor. Rs total outflow resistance, formed by two outlet
gaps in parallel with width b, length / and height A. ps supply pres-
sure. pr pressure in the bearmg recess; the pressure decrease
across the bearing gaps is shown in the figure.
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The flow through the gap is laminar; Rs consists of
the parallel arrangement of two identical bearing gaps
each with a resistance 2Rz, which follows from the
equation for fluid flow through a laminar resistance:

Pr bh3

10 = =— pr. N )
2 2Rs 127][17: ()

In this equation, which we shall encounter several
times in this article, % is the viscosity coefficient of the
fluid. The laminar flow resistance R is inversely pro-
portional to the third power of the gap height /. The
way in which the recess pressure pr varies with the gap
height / can most simply be seen if we write:

Rz = Roqg (ho/h)3,

where Rgg and 4o are the values of Rs and / for zero
load, and then substitute this in (1). We then obtain:

1
1 4 (R1/Reo) (hfho)3

We see from this expression that when the gap height /
is reduced because of an increasing load F, the recess
pressure p; in the bearing increases; the higher pressure,
acting on the effective bearing surface 4, delivers a
force which balances the increased load.

In the design of a hydrostatic bearing the dimensions
are determined by the required. load-carrying capacity
and the required stiffness of the bearings. The load-
carrying capacity of the hydfostatic bearing refers to
the maximum permissible load Fmax (i.e. the load un-
der which the bearing surfaces are only just clear of-one
another). Under this load the bearing gap height 4
is approximately zero, so that the outlet resistance Re
tends to infinity and the recess pressure pr becomes
equal to the supply pressure ps, giving Frax = Aps.

The bearing stiffness K is equal to the load change
AF divided by the resultant displacement —A4# of the
moving part I towards IT:

pr = Ds- - - _7(3)

dF
Ke=——,
, dh ‘
With F= Apr we can calculate K from (3). Using an
approximation that is permissible if the deviation 44
is small we find:
A : o : .
Kl RN )

ho

18] 1 bar = 105 N/m2 = 1.020 at. All pressure levels specified
here refer to the excess pressure above atmospheric pressure.
61 H. C. Rippel, Design of hydrostatic bearings, Machine Dex
- sign 35, 1963 (10 parts). See also H. Opitz, Aufbau und kon-
struktive Auslegung hydrostatischer Lager, Bericht tiber die
VDW-Arbeifstagung am 4. und 5. Februar 1965, Techn.

.. Hochschule Aachen. o

7] E. A. Muijderman, New forms of bearing: the gas and the
*  spiral groove bearing, Philips tech. Rev. 25, 253-274, 1963/64;
. E. A. Muijderman, Spiral groove bearings, thesis, Delft 1964.
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Here & is a dimensionless constant mainly determined
by the inlet resistance or restrictor Ri. The relation (4)
indicates the requirement to be met if a stiff bearing is
to be obtained with a fixed restrictor: the bearing sur-
face and the supply pressure should be large, the gap
height should be small.

The same expression, but with a proportionality
constant twice as large, also holds for a hydrostatic
bearing of the double-film type (fig. 6). In the double-
film hydrostatic bearing the principle illustrated in
fig. 5 is applied to both sides of the moving part I. The
symmetrical construction thus obtained considerably
improves the running and the temperature dependence
of the bearing.

ICR
Iy
A | [=hy
lF
F I
) |
'?n
4t S~ lh<hy
I
2CR

Fig. 6. Diagram of a double-film hydrostatic bearing. 7 moving
part. /I; and Il; stationary parts. F load. R flow restrictors. /
bearing gap height. /o value of # when F = 0. ps supply pressure.
pr1 and pee pressures in the bearing recesses.

The way in which the type of restrictor employed
affects the bearing stiffness can clearly be seen from the
graph in fig. 7. The dashed line in this graph represents
the condition which the rate of flow @ through the
bearing should meet for infinite stiffness, i.e. in a bear-
ing where the gap height / is independent of the load.
If in such a case a force is applied to the part I, the
flow rate to the recess with the higher pressure must
increase and the rate to the other recess must decrease
in order to obtain the necessary pressure difference. The
solid curves indicate the variation of the flow rate @
with the recess pressure pr for four types of flow re-
strictor. Three of these are commonly used in hydro-
static bearings [6]: the laminar-flow resistance (L), the
turbulent-flow resistance (') and a constant-flow device
(C). Using these restrictors it is not possible, as can be
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Fig. 7. The oil flow @ through a hydrostatic bearing as a function
of the pressure pr in the bearing recess for different types of flow
restrictor: L laminar-flow resistance, T turbulent-flow resistance,
C constant-flow device, MDR membrane double restrictor. The
dashed line indicates how the oil flow should vary with recess
pressure in order to give the bearing infinite stiffness. Only the
M.D.R. meets this requirement within a specific range.

seen from fig. 7, to make an infinitely stiff bearing. The
fourth curve relates to the variable flow restrictor,
known as the “membrane double restrictor” (M.D.R.),
developed at Philips Research Laboratories (8l. With
this device it is possible to meet the requirements for
infinite stiffness within a given range.

Unlike the other types of restrictor mentioned, the
membrane double restrictor is affected by load varia-
tions, with the result that a feedback control system is
obtained. Fig. 8 shows a diagram of the device together

Fig. 8. Diagram of a double-film hydrostatic bearing with a
membrane double restrictor (MDR) which controls the oil flow
through the bearing. I moving part. Il and Il» fixed parts of the
bearing. ps supply pressure. With increasing load F the pressure
pr1 rises and the pressure pre drops. This causes the membrane
of the M.D.R. to flex upwards, admitting more oil into the lower
bearing recess.
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with a bearing. When a force F is applied to the moving
part I, a pressure difference pra — pr1 must be created in
the two bearing recesses in order to balance this force.
The pressure difference pro — pri1 also acts on the mem-
brane, causing it to flex towards the side where the
pressure is lower. Then the gap height x» between the
membrane and the housing, at the side where the recess
pressure is higher, increases. As the flow through the
gap is laminar, the effect of the increased gap height
is greater than that of the reduced pressure difference
ps—pre (equation 1) and there is therefore an increase
in the flow to the recess with the higher pressure.

An important feature of the membrane double re-
strictor is that one of the parameters is the supply
pressure ps; this enables the stiffness in an assembled
bearing to be modified —from a positive value, through
infinity, to a negative value (fig. 9). This facility enables
elastic deformations in other parts of the bearing to be
compensated.
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Fig. 9. The load of a double-film hydrostatic bearing with
M.D.R. control as a function of the corresponding displacement
of the moving part supported in the bearing, for different supply
pressures ps. The curves relate to normalized quantities; the ver-
tical axis shows the load divided by the load-carrying capacity of
the bearing (f = F/Aps) and the horizontal axis shows the varia-
tion of the bearing gap height divided by the gap height under no
load (e = 4h/ho). The stiffness of the bearing is equal to the slope
of the curve. The M.D.R. is dimensioned in such a way that at
ps = 32 bars the bearing stiffness is infinite for moderate loads.
At supply pressures greater than 32 bars the bearing stiffness is
actually negative over part of its range. For comparison the
dashed curve L represents the case in which the flow restriction
is a laminar-flow resistance.

Since the bearing and membrane double restrictor
form a feedback system, there is the possibility of insta-
bility. In such a system this would take the form of
spontaneous oscillation at a particular frequency. Even
when the system is stable, it may be so close to insta-
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bility that a transient oscillation occurs after every
disturbance. Both the oscillation effects and the exis-
tence of dominant resonant frequencies can be avoided
by choosing the bearing dimensions in such a way that
there is sufficient damping in the system. This can be
seen from fig. 10 where the amplitude and phase angle
of the deflection of the bearing under a sinusoidally

90°
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Fig. 10. Polar diagram of the amplitude and phase of the deflec-
tion of a double-film hydrostatic bearing with M.D.R. control
when subjected to a sinusoidally varying load. Each curve con-
nects the measured values for different frequencies at a given
supply pressure ps in the bearing. At ps = 32 bars the bearing has
infinite static stiffness. The shape of the curve shows that there
are no marked resonances at particular frequencies, so that the
system is dynamically stable. At the highest frequencies the supply
pressure hardly affects the curve, the damping in the bearing then
being dominant. '

The chain-dotted line L represents the dynamic behaviour of
the double-film hydrostatic bearing when a laminar-flow resis-
tance is used as the flow restriction instead of the M.D.R.

varying load are shown for different frequencies and
different supply-pressures. No marked resonance then
occurs at any frequency [9).

The membrane double restrictor not only gives a
very high bearing stiffness; it also has the important
advantage that it gives sufficient stiffness with a
large gap height, low supply pressure and small bearing
dimensions. These are just the very conditions that equa-
tion (4) shows to be undesirable; however, they are of-
ten desirable for other reasons [10]. ’

(81 J. G. C. de Gast, A new type of controlled restrictor (M.D.R.)
for double-film hydrostatic bearings and its application to
high-precision machine tools, Advances in machine tool de-
sign and research 1966, Pergamon Press, Oxford 1967. -

9 J.G.C. de Gast, Dynamic behaviour of a double-film hydro-
static bearing with variable flow restrictor, to be published in
Trans. ASME, J. Lubr. Technol.

10l Because of this, hydrostatic bearings can also be used for
fast rotating shafts (6000 rev/min) with low oil consumption
and friction losses. Stiffness, load-carrying capacity and damp-
ing are better in this case than with an air bearing; see H. L.
Wunsch, Air bearing applications to machine tools and meas- .
uring instruments, Trans. ASME, J. Lubr. Technol. 90F,
680-686, 1968 (No. 4). - . )
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Fig. 14. Measured deformation
of a slideway of the type shown
in fig. 13, @) when only a hori-
zontal force is operative, ) when
only a vertical force is operative,
¢) when both are operative to-
gether. In case (¢) there is only
a small residual deformation.

[=}

assembled in such a way that deviations over a length greater than
half the bearing-block length can be corrected by flexing and
clamping. Slideways of this type were used for the guides in the
step-and-repeat camera recently described in this journal (123,
for a 5-cm displacement of the carriage the deflection from the
straight is less than 0.03 wm and the angular rotation of the car-
riage is less than 0.1 seconds.

The linear motor

The linear motor used is a combination of piston
and cylinder (fig. 15) with a piston to piston-rod surface
ratio of 2:1. When the piston is stationary and the
supply pressure ps is applied to the annular space be-
tween the cylinder and the piston rod, the pressure in
the oil-filled space to the left of the piston is py. Tak-
ing the equilibrium of forces at the piston, then for
the given surface ratio and zero external forces, p; is
given by:

L= 4ps. ®)

If the space to the left of the piston is now connected
via a resistance to a supply of oil at a pressure ps, the

0 e ———
\PR: Z
~H re FH d v
>l —————
R ::
A B =—————

{
f

Fig. 15. Simplified cross-section of a linear motor. The space
to the left of the piston communicates through a laminar-flow
resistance R with the supply pressure ps (piston moves to the
right) or with atmospheric pressure (piston moves to the left).
The piston surface $71(D2 — d2), on which ps acts, is half the
size of the surface jwD?, on which p; acts, so that when the
hydraulic forces are balanced, p1 = 4ps. The hydrostatic-bearing
action of the piston in the cylinder is obtained by means of
four recesses Re with restrictors Ry incorporated in the piston
and the flow resistance Rz between piston and cylinder wall. ..
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piston is given a velocity v to the right; if the space to
the left of the piston is connected via R to oil at at-
mospheric pressure, then the piston is given an equal
velocity v to the left. In both cases the oil flow rate
@ = (n/4)D2?v (D being the inside diameter of the
cylinder) is given by:

@ PPl
R
The velocity is thus given by:
2ps
= 6
'S DR ©

For a good surface finish it is necessary that v should
remain constant to within 0.1 9. It can immediately be
seen from (6) that the essential condition for this is
that the supply pressure pg should be constant to within
0.1 %. The load on the motor should also be constant;
this has been neglected in the derivation of (6), but
can be taken into account by a term to be subtracted
from ps. Since it is extremely difficult to keep the supply
pressure and particularly the load as constant as this, it

“was decided to ensure the uniformity of v directly by
keeping the flow rate @ at an accurately constant value.
This was done by replacing R by a flow-control valve
(whose operation is described in the section on control
valves).

The uniformity of the velocity is also adversely af-
fected by the pressure in the cylinder which can cause
the inside diameter D of the cylinder to have a slightly
different value at different places. In order to make the
deformation of the cylinder wall as uniform as possible,
it is not rigidly attached to the cylinder ‘head but
mounted freely; this can be seen in the detailed cross-
section of the linear motor shown in fig. 16.

Another difficulty that can give rise to non-unifor-

(111 J. G. C. de Gast, Berekening en constructie van hydrostati-
sche lagers, Polytechn. T. Werktuigbouw 23, 141-150, 187-
196, 1968 (Nos. 4, 5).-

(121 F. T. Klostermann, A step-and-repeat camera for making
photomasks for integrated circuits, Philips tech. Rev. 30,
57-70, 1969 (No. 3). -
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bearing pre-loaded by the supply pressure. The design
is such that there is no interaction between the jour-
nal and the thrust bearings, and the front journal
bearing lies as close as practicable to the chuck. This
is the best arrangement for accurate running and for the
stiffness of the headstock spindle. One disadvantage is

that the thrust bearing is a long way from the chuck,
" which means that the axial position of the work
clamped in the chuck is dependent on the temperature
of the headstock spindle. Fluctuations in this tempera-
ture are very small, however, on account of the method
of regulating the speed of the headstock motor.

We have seen on page 120 that this is done by
varying the flow through a parallel branch and at the
same time keeping the sum of the flows through motor
and parallel branch constant. Since the pressure is also

kept constant, this constant total flow supplies to the

headstock a hydraulic power (pressure X volume flow)
which is independent of the motor speed. This hydraulic
power is dissipated partly in the hydrostatic bearing of
“the motor and the spindle by friction and partly by
throttling in the flow-control valve in the parallel
branch. In addition, energy is used up in machining, but
for a light finishing operation (e.g. a cut of 20 X 12 wm)
the power required is negligible. The heat generated
in the hydrostatic bearings increases with the motor
speed; since however the total dissipated power is inde-
pendent of speed, the heat developed in the flow-con-
trol valve decreases equally. The oil flows from the two
‘parallel branches are now mixed between the two
headstock bearings, and the mixed flow, which thus sup-
plies a quantity of heat independent of the speed, cir-
culates around the headstock spindle, which therefore
remains at the same temperature at different speeds.
The headstock motor is of the vane type. Since a
uniform angular velocity can be obtained with this
type of motor, it can be attached directly to the head-
stock spindle without the need for a coupling to smooth
out deviations from uniformity. Moreover, no speed-
selection mechanism is necessary for the transmission
since the speed of the motor can-be continuously regu-
lated within wide limits, between 300 and 1200 rev/min
in our lathe. In addition it is hydraulically balanced
radially and axially and is small. :
A vane-type motor consists of a rotor with a number
of vanes, and a stator (fig. 19). The stator contains
several “chambers”, two in our case, with a stroke /;
the chamber walls are cylindrical and concentric with
the inner bore over an arc of @ radians. The inner bore
is also cylindrical over an arc of @ radians, and there
is a smooth transition from chamber to inner bore. The
vanes are kept in contact with the transition part of
the wall by a spring. In the chambers the vanes are
subjected on the one side to the supply pressure ps and
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on the other to a lower pressure pm. The pressure dif-
ference acting on the projecting part. of the vane causes
a force to act on the vane. This force gives rise to a
couple that drives the rotor. Oil is supplied and removed
on the transition curves and there is always at least one
vane between feed and outlet.

Given an angular displacement @ the vane displaces a volume
V of oil given by:

V=I1dD—2—+hq).

Owing to the symmetrical design of the motor, the same volume
is displaced by the vane in the chamber at the opposite side, so
that the volume displaced for each radian that the motor
rotates is:

Ve = hd (D--h),

which is referred to as the swept volume per radian. Since # is
constant over the arc © of the chamber, the volume displaced per
radian is independent of the position of the rotor, so that this
type of motor has in theory a uniform angular velocity w. This is
determined by the oil feed @ and the oil leakage @,:

D — &
Vr '

In spite of slight deviations the oil leakage @), may readily be
defined in a wide operating range as a linear function of the pres-
sure difference ps — pm. The change in @) can therefore be com-
pensated in the precision lathe by using a membrane load com-
pensator like the one developed some time ago at these Labora-
tories for a linear servomotor [16],

As soon as a vane has reached the end of a chamber (see fig. 19)
the next vane has to take over the sealing action. Consequently

b

Fig. 19. a) Cross-section and 4) plan view of a vane motor.
Ds pressure at input side and p;m pressure at output side of the
motor. & height of stroke. -
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The MOS tetrode

T.Okumura

In the various design's of MOS transistor that have so far been produced the feedback capac-
itance is relatively high. This means that they are less suitable for amplifying signals
“of very high frequency. The article below describes a related circuit element which can be
used for frequencies up to 200 MHz and higher. This new device has been developed at the
Takatsuki-Osaka laboratory of the Matsushita Electronics Corporation (MEC) a com-
pany owned jointly by the Japanese company Matsushita Electronic Industries (MEI) and
the Philips Group of Companies, and active in various fields of common interest.

Introductlon

The most advanced of the various field-effect tran-
sistors known at present is the metal-oxide-semicon-
ductor (MOS) transistor. MOS transistors are relatively
simple to manufacture and they combin: the advantages
of high input impedance and characteristics that give
very little cross-modulation. However, they are not
very suitable for amplification at frequencies above
about 100 MHz because of their relatively high feed-
back (“Miller-effect™) capacitance.

The same problem is encountered in thermionic
devices in thz triode valve. The usual solution adopted
there has beén to replace the triode either by a pentode
or by a pair of riodes connected in a “‘cascode” circuit.
In solid-state electronics an analogous arrangement to
the cascode has been made up from two MOS transis-
tors, and this gives a feedback capacitance much less
than that of a single MOS transistor. At Matsushita
Electronics Corporation we have been looking into
the possibility of producing a practical circuit element
of even better performance by making a cascode of
two MOS transistors as a solid circuit [1I, Qur invest-
igations have been successful and their practical end-
result is a new circuit element, the MOS tetrode (23, This
new device does indeed have the desired very small
feedback capacitance, and it also surpasses the ordi-
nary MOS transistor on two other counts: in circuits
with automatic gain control (AGC)—readily produced
with the MOS tetrode, as we shall see below — there
ismuch less cross-modulation with the tetrode, and there
is much less variation of the input capacitance with
input voltage. The characteristics are also very stable.

" In a valve cascode circuit (fig. I) the operating conditions of
two triodes are such that the grid current is very small, and

Dr. T. Okumura_is with the Research Laboratory of Matsushita
Electronics Corporation, Takatsuki, Osaka, Japan:

the anode current in both valves is about the same. If the grid Ga
is decoupled to prevent the appearance of an a.c. voltage, then
the circuit behaves like a triode of very high internal impedance
(anode impedance) R: and very high amplification factor wu;
the transconductance gmt is about the same as that of one of the
triodes. In this case, which corresponds to the situation in the
MOS tetrode, we have [3]:

= (uz -+ DR1 + R~y Ripe, . . . . . . . )
pi=pgaps + M1 R e . . o . o o . 2)

and
e ©)

Emt=Eml Cs + 1) + RaR:

from which these statements can readily be verified.

Fig. 1. A valve cascode circuit
using triodes. The circuit can
be adjusted in such a way that

- the characteristic curves are
analogous to those of a single
triode. The internal impedance
and the current amplification
factor are however much higher,
and the feedback from anode to
control grid is much less. The
transconductance is about the
same.

Fig. 2 shows a diagram of the cross-section of one
of our designs of a MOS tetrode, next to a section of an
ordinary MOS (triode) transistor. The diagram shows
that the tetrode has two control electrodes (gates) G
and Gs. Between the two gates there is an N-type region
which' is surrounded by the P-type silicon of the sub-
strate. This N-type region is the “island”, which serves
as the drain electrode for the triode formed by .S, G1
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radio receiver is tuned to a .particular frequency,
the modulation of the signal received is affected to
some extent by the modulation of other transmit-
ters, particularly those at neighbouring frequencies.
The magnitude of this effect is mainly determined by
the third-power term — and to a lesser extent by the
higher-power odd terms — in the expansion of Jqgat as
a power series in V. For the MOS transistor these
terms are very small and the cross-modulation is there-
fore correspondingly small. »

MOS transistors for use in computers usually have
a substrate of N-type silicon, and hence a P-type chan-
nel. In these transistors Vin usually has such a value
that the transistor does not conduct when there is
no bias on the gate, corresponding to the usual require-
ments in digital applications. MOS transistors for
amphfymg high-frequency signals, on the other hand,
are preferably made on a P-type substrate. The channel
then shows N—typc conductivity, which is more suitable
here since the electrons in silicon have a mobility about
three times that of the holes. (It is true that the mobil-
ity in the layer obtained by inversion is smaller than
it is in the bulk material of similar type, but the relative
decrease. is about. the same for both kinds of charge
carrier [51.)

The operation of a MOS tetrode

Let us now calculate how the current in a MOS
tetrode depends on the various potentials and charac-
teristic quantities. We shall proceed as if the tetrode
was a cascode circuit of two triodes: in fact this assump-
tion is not qulte _]ustlﬁed since a tetrode has one sub-
strate contact, while the substrate of each triode of a
cascode circuit is connected to its own source elec-
trode. We shall also assume that the two triodes are
identical, so that they each have the same S8, Vin, etc.

If an equation analogous to (4) is set down for the
two triodes, then since both transistors carry the
same current it can be shown that

Vea— Vial = Va1, (62)
or
‘ Vi = Ve - Ve, (6b)
and " T ' '
i clasat =3BV — V)2 . ... (1)

ThlS equation for - the saturatlon current of the
. tetrode is identical with the one that holds for the
first triode (see eq. 4). The diagrams of fig. 4 show how
the triodes adjust themselves for the dlﬂ“erent cases
(cf. eq. 6b).

When Vgl 1s greater than Vist -+ Vth, the current
in the first triode is no longer saturated, and is given by:
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Iap = g {(Ver— Vein)2 — (Ve — Vin — Via)2}.  (8)

From this relation and the similar one for Iyg it fol-
lows that o

Vit == [V + Veo — 2V —
— {(Ver + Vez — 2Vin)2 — 2(Vg2 — Vin)?}],

Ig = g[ng — Va1 + {(Ver + Vez — 2Vn)? —

— 2(Vgz — V)2 H2. (10)

Let us now look at a number of special cases. When
Vg1 is equal to Vi, the first triode is cut off and the
potential Vig of the island becomes equal to Vga — Vin;
this means that the second triode is just driven into
cut-off. If V1 is allowed to increase indefinitely, then,
as (9) shows, Vig goes to zero (i.e. Vis becomes equal
to Vs) and Iq goes to the limiting value 8 (Vg2 — Vin)2
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Fig. 4. Operating curves for a pair of MOS triodes in a cas-
code circuit, those for the first triode on the left and those
for the second on the right. The drain potential of the first tri-
ode, which is also the source potential for the second, is labelled
Vis1, since it corresponds to the potential of the “island” of a
tetrode. The curves for Vi and Va—Vis1 apply for constant
Veo. At a lower value of Ve this curve takes up the position
mdwated by the dashed line, and at higher Vg it takes up the
position shown by the dotted line.

This limiting of Is has advantages on the score of
reliability, since a high voltage applied at the gate
cannot set up a current large enough to damage the
tetrode. '

Finally, we should say a word or two about the most
important quantity of all in the MOS tetrode — the
feedback capacitance. In the MOS triode the feedback
action arises because the gate electrode overlaps the
drain electrode a little (fig. 54). In the MOS tetrode
the main cause of feedback is that any a.c. voltage
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and is in the region of —0.6 V.. At Vg1 = O the satura-
tion value of Iy is about 1 mA, and this means that a
bias on G} is desirable in most applications (enhance-
ment mode ‘operation).

When Vq is set equal to zero and Vg and Vi are
- made so strongly negative that there is no current
in the tetrode (Vg = Vg2 = —10V), the small-signal
input capacitance and output capacitance are 4.5 pF
and 3 pF respectively at a frequency of 455 kHz.
The variation of the feedback capacitance Cr, as a
function of Iy is shown in fig. 11. The value of Cpp
is about 0.02 pF, except at very low I4. In general Cpy
is never greater than about 0.035 pF.
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Fig. 11. The feedback capacitance Cp, for the 3 SK 32 tetrode
as a function of Ia, at a frequency of 445 kHz, with V4 = 10V
and Vgz =5 V. :

Fig. 12 shows how the transconductance varies
with Vg1, with Vg as a parameter. It can be seen that
all the curves have a maximum, which means that gm
can either increase or decrease with increasing V1.
A reduction in Vge always gives a reduction of gm.
This means that there are in principle three ways of
obtaining automatic gain control: two using ¥y and
one using Vya. The most attractive method of the three
is the one using Vg — which is chosen to give an
operating point in the downward-going part of the curve
— since the magnitude of the variation of gm with Vg
can be anywhere within certain limits; all that has to
be done here is to set Vo to a suitable value. The fact
that a fairly high V1 has to be used in this method of
control so that Iy also has a rather high value, is a
disadvantage.

Fig. 13 shows how the power gain G and the noise
figure F of the 3 SK 32 tetrode depend upon Ij at
the frequency 200 MHz and for three values of Vgo.
For still higher values of Vg2 the measured curves al-
most coincide with those for Vg2 =5 V. It can be
seen that for norma] conditions and optimum matching
the power gain at 200 MHz is 20 dB or more.
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Fig. 12. The transconductance gm of the 3 SK 32 tetrode as a
function of Vg1 for nine different values of Ve, with ¥y = 10 V2
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Fig. 13. The power gain G (solid lines) and the noise figure F
(dashed lines) of the 3 SK 32 tetrode, measured at 200 MHz.
Both quantities were measured under optimum conditions and
with a bandwidth of 4 MHz.

The cross-modulation characteristics for. circuits
using two methods for obtaining AGC are shown
in fig. 14. The curves were obtained with an untuned
circuit which had two signals applied to it, one with
a carrier frequency of 200 MHz .and the other with a

7] See also Electronics 39, May 16,1966, p. 212-213.
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Fig. 14. The interfering signal wvint (frequency = 212 MHz),
which gives a cross-modulation of 1% in a signal at a frequency
of 200 MHz in the 3 SK 32 tetrode, shown as a function of Iy
for Va=10V.The solid line applies for constant Vg —i.e. the
normal situation with the tetrode driven at G1 — and the dashed
line refers to constant V.

carrier frequency of 212 MHz. It can be seen that for
normal values of Iy a cross-modulation of 1% occurs
when the interfering signal is 0.1-1V, and that the case
with fixed Vg1 is the most favourable one.

In MOS triodes and tetrodes the input capacitance
Cj is not entirely independent of the applied voltages.
Since this capacitance can contribute to the tuning of
a circuit, it is desirable that the variation of C; should
be as small as possible. Fig. 15 shows how Cj; varies with
I4; in one case Iy is controlled by Vg1 and in the other
it is controlled by Vg. It can be seen that the most
favourable situation is the one in which ¥y is held
constant. In this respect AGC via Gy is therefore
preferable.

Since the mobility of the charge carriers and the
potential Vin both depend on temperature, the current
I4 and the transconductance gm are also to some extent
temperature-dependent at constant Vg, Vg and Vee.
Conditions can be found for which the two effects
cancel one another out. If ou is substituted for B, it
can be readily shown from (4) and (5) that the two tem-
perature coefficients are given by:

oIy _ Isdu oV

S e 22 a4
oT  uoT M T 19
d d Y4
Bm _EmO_ TR a5)
3T  p oT T

Fig. 16 shows how I4 varies with the channel tempera-
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ture at Va=10 Vand Vge=5V. At Vg =0V
(or Iy = 1.5 mA) the effect of the temperature is almost
zero, for Vg1 < 0 the temperature coefficient is positive
but very small, and for Vg1 > 0it is negative. This neg-
ative temperature coefficient is another feature
which is useful for reliability. (Bipolar transistors do
not have this attractive feature, and the current in
these is also more strongly temperature-dependent
than the current in MOS transistors.)

As in other MOS transistors the Vi of our tetrode

6pFI-
Gi _————s\\@wonst.(m v)
———
T ~~<_
sl

Y2=const(5V)

4
=10V
200 MHz
3 | ] | | ] ]
0 2 4 6 8 10 2mA

'—’Id

Fig. 15. The input capacitance Ci of the 3 SK 32 tetrode at a
frequency of 200 MHz as a function of the current g at constant
Vg2 (5 V) and constant Vg1 (1.4 V), with Va = 10 V. The varia-
tion of Cj with Iy is smallest at constant V1.
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Fig. 16. Variation of Iy with channel temperature at constant
Vaand Vg2 for a number of values of Vg1. When Vg is small, Ig
is almost independent of the temperature. :
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is not absolutely constant. Fig. 17 shows values of
Vin recorded for four samples over a period of
1000 hours. At first there was a relatively rapid varia-

MOS TETRODE
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tion, although it was not very large (about 0.05 V in
150 hours), and after that Vi, remained virtually
constant for all four tetrodes.

05V /V =+10V
e e —————
TN
T 03 ¥=-10V
02}
o1
0 | 1 | | | t | ! ) ]
0 200 400 600 800 1000h

Fig. 17. A record of the variation of the values of ¥in measured over a period of 1000 hours
for four samples of the 3 SK 32 tetrode at a temperature of 150 °C. During the experiments S
was connected to D and Gj to Gsa. The voltage between the two pairs of electrodes was +10 V
for two of the tetrodes, and —10 V for the other two.

Summary. The MOS tetrode, an integrated cascode circuit of
two MOS triodes, has been developed to obtain a MOS device
with such a low feedback capacitance that operation in the VHF
band would be possible. The slope is about the same as for a MOS
triode, and the current amplification factor and the internal im-
pedance are very high. In normal use the gate G2 of the second
triode is kept at a fixed potential (say zero) and the tetrode is
driven at G1. In the 3 SK 32 VHF tetrode developed by Matsu-
shita Electronics Corporation the threshold voltage Vy, is about

—0.6 V; at Vg1 = 0 the current Iy is about 1.5 mA, so that a
bias is needed for certain applications. The power, gain is 20 dB
or more at 200 MHz. The transconductance (about 10 mA/V)
has a maximum for a particular value of Vg1 and also depends
on Vgs, so that there are three possible ways of obtaining AGC.
The feedback capacitance is about 0.02 pF. The cross modula-
tion is very low. At low Vg1 the current Jy is very nearly inde-
pendent of the temperature. During the first 150 hours of life
Vin changes a little, but after this changes hardly at all. ~
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Stoichiometry

\W. Albers and C. Haas

III. The determination of existence regions

As we stated earlier in part I, semiconductors and
insulators usually have narrow existence regions and
compounds of metallic type usually have broad exis-
tence regions [*1. This distinction can be made clearer
by considering the electron energies. Let us take as an
example the solution of native atoms *A in a com-
pound AB. The dissolved native atoms are often
ionized, for example as donors, and this can be repre-
sented by *A X5 *A* - e. When the ionization is
complete (i.e. the ionization energy Eg < kT), the
energy of solution of A in AB consists of two terms,
a term E(*At) for the incorporation of *A*, and a
term E(e) representing the energy of the electron:
E(A) = E(*At) 4+ E(e). As the total energy of solu-
tion E(A) increases, the existence region becomes
narrower (see figs.4 and 5 in I). In general, a high
value of E(e) will therefore give a narrow existence
region.

We can obtain some idea of the electron energy E(e)
by considering the relative positions of the energy
levels of the different electron states. The states that
are of significance in semiconducting or insulating
compounds of atoms with filled inner shells (CdTe,
GaAs, AlxQOs, H2O etc.) are shown in fig. 12b. Over-
lapping s and p orbitals form a broad empty conduction
band (the width AE, is a few tens of electron volts) and
a broad filled valence band, separated by a forbidden
energy zone AEg with a width of the order of 1 eV. If
A is dissolved as the ionized form *A+ + e, electrons
enter the conduction band. In semiconductors with a
large band gap AEg; E(e) will then be high, and in
general a narrow existence region is to be expected.
Moreover, if greater quantities of *A are added, the
Fermi level in the conduction band will increase
rapidly, so that E(e) also increases rapidly with the
concentration of the dissolved atoms.

1t is possible for the native atoms *A dissolved
in AB to behave as donors, yet with only some of them
ionized, since Eq > kT. In this case the electrons are
in donor levels that lie between the valence band and

Dr. W. Albers is with Philips Research Laboratories, Eindhoven;
Prof. Dr.C. Haas, formerly with these Laboratories, is now Profes-
sor of Inorganic Chemistry at the University of Groningen.
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Fig. 12. Electron energy diagrams for metals (a and ¢) and for a
semiconductor (b). k wave vector, Er Fermi level. 4 E. width of
conduction band. 2 Eg forbidden energy zone. The horizontal
solid line in ¢ represents a localized level or a narrow energy band
(whose width 4E., for example 0.1 eV, is not indicated).

the conduction band, and E(e) should be taken as the
energy of the actual donor level rather than that of the
conduction band. If the donor level is high, the electron
energy E(e) will also make a significant contribution
to the total energy of solution in this case, and thus
give narrow existence regions.

In compounds with metallic conduction, on the other
hand, the valence and conduction bands overlap (see
fig. 124) or there is already a partly filled band in the
stoichiometric composition, so that 4E; = 0. In this
case an energy AE; or AE;— Ey4 does not have to be
provided before an extra electron can be included and
E(e) is small. The existence regions can then be broad,
partly because the additions of large quantities of *A
will only cause the energy level to increase slowly be-
cause of the high density of states at the Fermi level.

This ties up with the striking disparity between com-
pounds such as GaSb and MnSb. The chalcogenides
(compounds of S, Se, Te) of the elements of the second
group in the periodic system, and the pnictides (com-
pounds of P, As, Sb, Bi) of the elements of the third
group are semiconductors and have narrow existence
regions (of the type shown in fig. 12b). The correspon-
ding chalcogenides and pnictides of the transition
metals, however, give metallic conduction and have
broad existence regions. This difference in widths can
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Fig. 13. Chemical spectra, i.e. cross-sections through the 7-x dia-
gram at constant 7 (= 500 °C), of the systems Ga-Sb, Mn-Sb,
Zn-S and Cr-S. The composition parameter x is expressed as
atomic percentages of S or Sb. It can be seen that the Mn com-
pounds of Sb have broader existence regions than the Ga com-
pound. The same holds for the Cr compounds of S as compared
with those of Zn.

clearly be seen in fig. 13, which shows the chemical
spectra of these systems, i.e. a cross-section through the
T-x phase diagram at constant T (a 500 °C).

In transition-metal compounds two types of electron
states are of importance. The s and p electrons form
broad bands, whereas the inner orbitals (e.g. the 3d
orbitals of the 3d transition metals) form localized
levels or very narrow bands (small overlap), including
empty levels, since the inner shell of the transition
metal is only partly filled. Fig. 12¢ shows one of the
eight possible basic types (8, in which the broad
valence band is bisected by the lowest band, which is
very narrow and was originally unfilled (4E., for
example, of the order of 0.1 eV), so that now both
bands are only partly filled. In this case 4E; = 0 and
AE.is very small, and therefore broad existence regions
are possible.

Narrow existence regions

The treatment given in part Il enables narrow exis-
tence regions to be calculated. This will be briefly
discussed with the semiconductor CdTe as an
example [9]. In what follows “existence region” (projec-
tion) refers to the region of concentrations that is
enclosed by the projection on the T-x plane of the curve

*1  Parts I and II of this article: Stoichiometry, I. Existence re-
gion, and Stoichiometry, 1I. Point defects and the control of
their concentrations, have appeared in Philips tech. Rev. 30,
82-88 and 107-112, 1969 (Nos. 3 and 4).

[81 W, Albers and C. Haas, Physics Letters 8, 300, 1964.

91 D. de Nobel, Philips Res. Repts. 14, 361 and 430, 1959.

[101 The existence region (projection) given in fig. 16 should be
distinguished from the existence region (cross-section) given
in fig. 7 in part I, which presents a section at constant total
pressure P through the three-dimensional P-T-x figure.

(111 n part II the symbols P(A)AB(A) and P(A)AB(B) were used,
but when the entire existence region is under consideration,
the AB(A) boundary and the AB(B) boundary merge
smoothly into one another and we can use a single symbol
P(Cd)®, where b stands for boundary.
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that indicates the compositions of the co-existing solid
compound in the three-phase equilibria in the three-
dimensional binary P-T-x phase diagram (see fig. 19) [101,
We can calculate the existence region of CdTe if we
know the equilibrium constants and the coexisting
partial vapour pressure P(Cd)® of Cd (or that of Te)
along the whole boundary of the existence region [11],

Some idea of the ways in which dissolved Cd and Te
are incorporated in CdTe can be gathered from experi-
mental data (fig. 14; fig. 11 in part IT). CdTe (Cd) turns
out to be an N-type semiconductor, and CdTe(Te) a
P-type semiconductor. Self-diffusion measurements
with radioactive cadmium in samples of CdTe
with various deviations from the stoichiometric com-
position give an indication that the disorder is of the
Frenkel type. At high pressures P(Cd) the electron con-
centration is found to be proportional to P(Cd)/2, At
high P(Cd), therefore, Cd;* and e will be dominant, and
at low P(Cd): Vg, and h. Other native point defects
found are effectively neutral Cd; and Vgg and the
effectively double-charged cadmium vacancy V2.
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Fig. 14. Concentrations of electrons, holes and native point de-
fects in CdTe as a function of P(Cd) at 700 °C. The vertical lines

_ indicate the boundaries of the existence region. (This same figure

was used for fig. 11 of part IL)
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The appropriate series of equilibrium rélations is:

P(Cd) P(Tez)V2 = K(CdTe)

np = Kj
[CdtIn= Ki9P(Cd)
[fdg’]]n _ K2'0
Cd, _
[Vealp 0
Ve -
[CdF] [Vgu] = Koo
walp
Vad

and the electroneutrality. condition for the solid phase
is: : .
[Vaul + 2[V&] + n = [Cdf] + p.
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Fig. 15. The partial pressure P(Cd)® for CdTe saturated with Cd
as a function of temperature. P(Cd)e! is the saturation vapour
pressure of elementary cadmium (after Lorenz 1121), The dashed
part of the curve is extrapolated.
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Fig. 16. The partial pressure P(Teg)b for Te-saturated CdTe asa
function of temperature. P(Teg)e! is the saturation’ vapour pres-
sure of elementary tellurium (after Lorenz [12]),
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These eight equations include P(Cd), P(Teg), the con-
centrations of five atomic native point defects and those
of holes and electrons. The concentrations of the point
defects at the boundary of the existence region can thus
be calculated as a function of temperature; and hence
the entire existence region of CdTe, if P(Cd) or P(Tes)
and all the equilibrium constants K are known as a
function of temperature. Figs. 15 and 16 give P(Cd)®
and P(Teg)® as a function of T as experimentally deter-
mined {121, The equilibrium constant K(CdTe) can be
calculated from RT In K(CdTe) = —AGYT), where
AGYT) is the Gibbs free energy of formation at T
as given by the reaction

Cd(gas) + % Teo(gas) &5 CdTe(crystal).
From known thermodynamic data we find:

log K(CdTe) = 10.66 — 15440/T.. @))

From equation (71) and the data from figures 15 and 16
we now know P(Cd)P along the entire boundary of the
existence region (see fig. 17). P(Cd)P goes to zero at
T = 0 °K, and has kinks at 594 °K and 723 °K where
first-order phase transitions from the liquid to the solid
state take place, i.e. eutectics in the phase diagram of
the system Cd-Te. The equilibrium constant K; (see
fig. 18) has been calculated as a function of T'from K; =

10%bar,

P(Cd)el ~

—_—
-
1

103 i
AP(cd)=K(Cd ) (7@2)91}1/2

0—4 1 ! 1 | 1
12 11 10 09 08 07

1000 7?0;( ) -

Fig. 17. The partial pressure of cadmium P(Cd)® as a function
of T for CdTe at high temperature. The chain-dotted lines repre-
sent the saturation- vapour pressure of elementary cadmium and
elementary tellurium; the Te vapour pressure is converted to
a cadmium vapour pressure with the aid of the formula given in
the figure.
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NeNy exp (—A Eg/kT), where 4 Eg, the forbidden energy
zone for CdTe, was found from optical measurements
(1.5eV at 300 °K). Neand Ny can be calculated from (52)
and (53) of part IT if m*(e) and m*(h) are known. These
have been determined from measurements of the ther-
moelectric e.m.f. and the Hall effect and are 0.14 m and

7034

1032

703 1 1 I L 1 1
08 09 10
— 1000/ Trox)

Fig. 18. A number of equilibrium constants as a function of
temperature. -

0.35 m respectively. Kzo, K21 and Ka3 as a function of T
are known from the appropriate ionization energies,
which have been determined from the temperature
dependence of the Hall effect. For example Kap =
2Ncexp (—0.02 eV/kT), the factor 2 appearing be-
cause two electron spin orientations are possible in the
point defect Cd;t in the ground state, whereas only one
configuration is possible for the two electrons present
in the effectively neutral point defect Cd;. The calcula-
tion of K,y = K, exp (—4H/RT) goes as follows. At
high pressures of P(Cd) the reduced electroneutrality
relation [Cd;"]=n applies (see the right-hand side of
fig. 14). Substituting this into equation (70) gives
K19 = n?/P(Cd). By determining the electron concen-
tration (for example from Hall effect measurements)
at two different temperatures and at a high known
cadmium pressure, we can now obtain K,J and
AH, and hence Kig as a function of T. In principle,
K4(T) can be determined in the same way from the..
relation [Vglp = KeaP(Tez)'/2,  which then _ gives
Kop = {K24K19K(CdTe)}/K;. The'isotherms (concen-
tration against partial pressure) of fig. 14 have been
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drawn from these data, which have also been used to
produce fig. 19, which represents the central part of the
T-x phase diagram (projection) of the system Cd-Te,
but without the gas curve. Fig. 19 shows the complete
existence region of CdTe between 0 °K and Tm (the
maximum melting point) giving the concentration of Te
in at. 9} on the horizontal axis in the usual way. CdTe
of the exact stoichiometric composition begins to melt
at a temperature which is 30 °K lower than Tm. Above
1000 °K the existence region is very definitely on the
Te side, while below 1000 °K it is on the Cd side. The
maximum melting point is on the Te side with
about 2 1017 extra Te atoms per cm3; this implies a
deviation from the stoichiometric composition of the
order of 103 at. 9. This composition is about halfway
between the extreme boundary values of the existence
region, being 49.99985 at.%, Te at 1170 °K and
50.00085 at. 9, Te at 1350 °K. ’

1400°K |- lig+g
1200}
1000}
T | CdTe(Cd)+ CdTe(Te)+lig+g
ligrg
800}
600}
400F  Cyre(cd)+ :
Cd(Te)+g CdTe(Te)+Te(Cd)+g
200}-
1 1
0 %99555 500000 500005 ot % e
— X

Fig. 19. The existence region (projection) of CdTe.

Fig. 20 shows the existence region of the semicon-
ductor SnS (13], determined in a similar way, as an
example of a compound for which the existence region
lies entirely outside the stoichiometric composition at
T> 0 °K.

It should be emphasized that the existence regions
illustrated in figs. 19 and 20 are based on models indi-

121 M. R. Lorenz, J. Phys. Chem. Solids 23, 939, 1962.
(131 H. Rau, J. Phys. Chem. Solids 27, 761, 1966. -
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cating the types of native point defect that occur in the
crystal. Although the experimental data obtained so far
are consistent with these models, the presence of other
types of native point defect cannot be ruled out. There
may, for example, be associates of neutral cadmium
vacancies which are in equilibrium with the effectively
charged cadmium vacancies Vg, and VZj, holes and
electrons. The neutral double vacancy (Vca)2 could for

1200} lig2+g
/I
SnS(Sn)+
lig2+g SnS+g
1000
-
SnS(Sn)+
T 8001 ig1+g
600
SnS(S)+Sn,S3(Sn)+g
400}
5nS(5n)+
Sn(S)+g
200}
0 1 ] 1 1
4999 5000 5007 5002  5003at%S
—_X

Fig. 20. The existence region (projection) of SnS. (After
H. Rau [13])

example be stabilized by covalent bonding between two
neighbouring tellurium atoms (the general notation for
these native point defects is *Teg, see part II), corre-
sponding to the fact that tellurium vapour contains Teg
molecules as well as Te atoms. This is shown in
schematic form in fig. 21. Multiple associates (Vca)n
might also occur. In this case the shape and position
of the existence region would be different from that
derived above. If, however, all the types of native point
defects and the corresponding equilibrium constants
are known, then the existence region can be accurately
determined provided it is narrow.

Broad existence regions

The method discussed above is not suitable for deter-
mining broad existence regions because equations
(31)-(33), (48), (49) etc. (from II) are not valid for large
concentrations. However, the analysis of the coexisting
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Fig. 21. Schematic diagram showing a CdTe crystal with atomic
disorder. @ is a free hole, [=] is a localized, effectively negatively
charged cadmium vacancy V¢&a, and the ringed native point
defect is an. effectively neutral cadmium double vacancy (Vca)e.
The thick oblique stroke symbolizes the covalent bonding be-
tween the two neighbouring tellurium atoms.
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Fig. 22. Splitting up of a broad existence region into different
existence regions due to the interaction of native point defects.
Gi corresponds to the disordered structure, Gur and G to dif-
ferent types of ordering of the point defects. -
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gas phase is still of interest since the validity of equi-
librium relations such as equations (60) and (61) in IT
s not affected. '
i Information about the width of the existence region
and the type of the dominant native point defects for
compounds with broad existence regions can be ob-
tained from chemical analysis, metal microscopy, and
by determining the lattice parameters and the density
as a function of temperature. :
We shall conclude this article with a few remarks on
the splitting up of a broad existence region into a
number of narrower ones, which may occur at low tem-
peratures. If AB contains a large number of dissolved
native atoms, significant mutual interactions occur
which, at certain concentrations (e.g. x1 and x3, see fig.
22), may lead to specific types of ordering (II and III)
between the point defects. The occurrence of such super-
structures is accompanied by a lowering of the Gibbs
free energy 4Gsuper, which means that below a certain
temperature 79 = AGsuper/k the homogeneous region
AB with randomly distributed dissolved native atoms
(I in fig. 22) may be split up into a number of existence
regions. This results in characteristic 7-x diagrams of
the type shown schematically in fig. 23. One system in
which this takes place is the Cr-S system (see fig. 13),
in which a series of stable phases of this kind can be
indicated between the compositions CrS and CrsSg [14],

141 F, Jellinek, Acta cryst. 10, 620, 1957.
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Fig. 23. ‘Part of a T-x diagram showing the splitting up of a
broad existence region into various smaller ones, which may occur
at lower temperatures.

Summary. Inthethirdand last part of this article on stoichiometry,
methods of determining existence regions are discussed. It is
explained why semiconductors and insulators usually have
narrow existence regions while metallic compounds have broad
ones. A calculation is given of the extremely narrow existence
region of the semiconductor CdTe. Finally, the article briefly
discusses the splitting up of a broad existence region into a
number of narrower ones, which may occur at low temperatures.

Addendum to the article by A. L. Luiten, Superconducting magnets, Philips tech. Rev. 29, 309-322, 1968 (No. 10). ‘-

In this article, dealing with the technology of solenoids made from
superconducting wire, a short historical introduction is given in
which it is said that the first superconducting magnet producing
a substantial field was made by Yntema in 1955. Professor E.
Justi of Brunswick {Technical University has now drawn our
attention to a description of a superconducting magnet published

by him as early as 1942. The magnet consisted of a ring of
NbN, and from the load it could support, and other data it
could be shown that the flux density was more than 15 000 gauss.
The reader may care to refer to Proffessor Justi’s article: E. Justi,
Ein Dauerstrom-Elektromagnet, Elektrotechn. Z. 63, 577-580,
1942.
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Accurate digital measurement of displacements
by optical means

I. Displacement measurement with a reflection phase grating

II. Displacement measurement with a laser interferometer

In many developments taking place in the Philips Research Laboratories in Eindhoven and
elsewhere in the world, the methods and devices employed for measuring displacements
extremely accurately are of vital importance. For some years now these Laboratories have
been making such measurements with an instrument comprising an optical grating (de-
scribed in part I by De Lang, Ferguson and Schoenaker) which readily gives an accuracy
of fractions of a micron and can even detect displacements of fractions of a nanometre.
This kind of accuracy can also be achieved for displacements as large as several metres,
by using interferometer methods with a laser as the light source. This was demonstrated
with an equipment shown some months ago at the Physics Exhibition in London; and which
is described in part II by De Lang and Bouwhuis. In both cases diffraction or polarization
effects are used to subdivide the intrinsic digital unit of the measurement (given by the
grating period and the wavelength respectively), while electronic methods are applied for

supplementary linear interpolation.

I. Displacement measurement with a reflection phase grating

H. de Lang, E. T. Ferguson and G. C. M. Schoenaker

The problem of measuring linear displacements is
encountered in engineering in a wide variety of situa-
tions, and the requirements for the accuracy of such
measurements are becoming more exacting as technol-
ogy advances. Dimensional tolerances of the order of
a few microns are no longer unusual in workpieces with
dimensions in decimetres. The precision lathe described
in the previous number of this journal 1] and the

Dr. H. de Lang, Dr. Ir. E. T. Ferguson and Ir. G. C. M. Schoenaker

are with Philips Research Laboratories, Eindhoven.

recently described step-and-repeat camera for making
photomasks [2]1 both demand very much smaller toler-
ances, amounting to a few tenths of a micron. Modern
engineering also has its requiréments for the form in
which the measurement data are made available. In the
production processes of today visual observation is out

(11 H. J. J. Kraakman and J. G. C. de Gast, A precision lathe
" with hydrostatic bearings and drlve, Phlhps tech. Rev 30,
117-133, 1969 (No. 5).
21 F, T. Klostermann, A step-and-repeat camera for making
photomasks for integrated circuits, Philips tech. Rev. 30,
57-70, 1969 (No. 3).
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Similarly we find for the other beam reaching the exit
aperture:

< . 2% ’
E1;41) = A4f3% | sin |:a)t 42 —; §:| . (5b)

If the grating profile is symmetrical, we have
f<1 =f+1 =A, so that frqm eqs. (5a) and (5b):

. . 2
E(-1;-1 + E¢s+1y = 2 Af1%sin w? cos (2 > 5), (6)
and therefore the intensity is:

1(§)ocA%4[1+cos(42§§>]'. )

Thus, when the grating is displaced through a dis--

tance & equal to one period p, the optical signal goes
through four full periods. This factor of four reducing
the basic unit of measurement is made up of two factors
of two, one due to the superposition of the diffraction
maxima of order +1 and —I1, as we have already seen
in the previous section, and the other arising because
the light is diffracted by the grating zwice, once on the
way there and once on the way back.

For comparison it is useful to note that earlier
measuring systems with phase gratings made use of the
interference of the two beams of order (0;0)and (1;1)[51.
The reduction in the basic unit, which allows the
same accuracy to be obtained with a coarser grating,
amounts to a factor of only 2 in this case. Apart from
this our system has a number of other advantages,
most of which stem from the use of the interference
of symmetrically diffracted beams. With a symmetrical
grating profile the beams (4-1;+1) and (—1;—1)
always have the same amplitude, irrespective of the
wavelength of the light, and therefore the photo-
signal obtained is fully modulated. Next, the symmetry
rules out systematic errors of measurement that might
arise from slight changes in the position of the grating
in a direction perpendicular to its surface. The phase
difference of the interfering beams, which varies with
the displacement of the grating in the x-direction, is
also independent of wavelength, as was stated in the
preceding section; i.e. the system works as an achro-
matic interferometer. Finally, the direction of the emer-
gent beams is independent of wavelength, because the
dispersions of the diffractions on the outward and re-
turn paths exactly compensate one another.

There is in fact some dispersion in the position of the focal
points of the concave mirror. This means that when light with a
wide spread of wavelengths is used the focal points are extended
into spectra. This would appear to have no significance since the
dispersion is compensated when the beams emerge. There is
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however the residual effect that the spread of the foci usually
determines the tolerance for displacements of the grating in a
direction perpendicular to its surface (the “depth of focus”). In
fact, the modulation depth of the signal is found to decrease if
the grating surface does not pass exactly through the centre of
curvature C. Analysis shows that this loss of modulation depth
increases not only with the angular aperture of the incident beam
(determined by the dimensions of the light source .S with respect
to the focal length of the lens L;), but also with the dispersion in
the diffraction angle. In our particular case of symmetrically
diffracted beams, however, even this second effect does not
occur.

In concluding this paragraph we should stress two

features of our scanning system. The first is that — as is
generally the case with scanning usingan image-forming
system — the action of the mirror can be regarded as
the formation of a reversed image of the grating surface
on that same surface (or, to be more exact, of the second
harmonic of the grating structure, since only the dif-
fraction maxima of order 41 and —1 are used). Since
the image is reversed, rotation of the grating in its own
plane about the point C will not have any effect on the
photosignal. This is of great importance, since the guide
in which the grating runs is never absolutely perfect and
the grooves of the grating are in practice never exactly
parallel with one another over the full length of the
grating (“fan error”). These imperfections do no harm
because of the insensitivity of the reversed-image scan-
ning system to rotation of the grating in its own plane.
Incidentally, it is a general feature of the grating
methods usually used that slight damage to the grating
(perhaps with the complete loss of a few lines) does not
result in complete loss of the signal.
~ The second special feature of our scanning method
is that it is very easy to use a reflection grating instead
of a transmission grating, The complete optical system
can then be kept on one side of the grating, which
offers considerable advantages. This feature is used in
the practical design, which we shall now describe.

Practical design of a scanning head

Fig. 4 shows the final version of a scanning head for
our measuring system; a diagram of the head is shown
in fig. 5. Fixed to the carriage whose displacement is
to be measured is a reflection grating with a grating
period of 8 um. The grating consists of a glass substrate
on which an aluminium film has been deposited by
vacuum evaporation; the grating lines, which have a
square-wave profile, are photo-etched into the film, The
etch depth is 0.37 um. To prevent damage to the alu-
minium film a glass cover plate (about 1 mm thick) is
cemented to it. ' '

(51 H. de Lang, Dutch Patent No. 112407, applied for 21st
January 1958.
D. A. Palmer, J. sci. Instr. 37, 261, 1960.
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the grating thus appears on the left-hand half). Here
the light is for the second time diffracted and reflected
by the grating, so that the beams (—1 ;—1) and (++1;+1)
pass through the hole in the mirror to the photodetector
~system, which observes the interference.

This scanning head has essentially the same charac-
teristics as the optical system in fig. 3. It contains some .
extra elements, however, by means of which a) forward
and reverse displacements of the grating can be dis-
tinguished, b) a signal is obtained even when the grating
is stationary, and c) there is digital inferpolation down
to a basic unit of 1/16th of a grating period, i.e. down
to 0.5 um. We shall now briefly discuss how this is
achieved. -

Between the scanning head and the grating there is a
plate of crystalline quartz Q. The optical axis of the
quartz crystal is tilted through '45° with respect to the
surface of the plate, which has the result that the image

- formed by the optical image-forming system of the one
part of the grating on the other part is separated into
two components with polarizations at right angles to
one another. Because of the bi-refringence of the quartz
these two components are displaced slightly with re-
spect to one another, and by giving the quartz plate
(through which the light travels twice) the appropriate
thickness and orientation it can be arranged that the
displacement in the direction of measurement is 1/8th
of the grating period p. This means that the phase dif-
ference between the two emergent interfering diffrac-
tion beams (—1;—1) and (41;+1) differs for the one
direction of polarization by an amount z/2 from the
phase difference for the other direction of polarization.
(Since a relative displacement of the images by the
period of the second harmonic of the grating structure,
i.e. 3p, would correspond to a phase difference of
exactly 27.) The two components with these directions
of polarization are then separated by a polarizing beam
splitter Ay, [6] and the two separated beams are applied
to two separate photodetectors, giving two photosignals
s1 and s2, with a phase difference of 7/2:

s1 = K1 + Lj sin (8né/p),
s2 = Ka + L cos (87€/p),

where K3, K, L; and Ls are constants.

Once these two signals have been obtained it is in
principle possible to measure the displacement of the
grating in digital steps of p/16, and also, as we shall
see, to distinguish between forward and reverse dis-
placements. However, we make use of a little trick that
greatly simplifies the actual measurements: the concave
mirror of the image-forming systern is made to oscillate
about an axis parallel to the grooves of the grating, so

‘that the image of the grating carries out a simple
harmonic oscillation in the direction of displacement.

()
(8)

DISPLACEMENT MEASUREMENT WITH PHASE GRATING

155

Without the oscillation the two photosignals would be
at a steady value when the grating is stationary, and
could therefore only be processed by the cumbersome
and in our case barely adequate methods of d.c. ampli-
fication. The oscillatory movement modulates the phase
of the signals s; and se sinusoidally, and- if Q is the
angular velocity and mp the amplitude of the image
oscillation we obtain the following expressions:

S1 =K1 + Lisin [851 (; + m sin £ )] , - (9a)

Sp = Kz + Ls cos [Sn(—§+n1 sith)]. . (9b)
el o\p

Thus, even when £ is constant, we still have.a.c. signals
that can be amplified in the normal way. After ampli-
fication of the signal the phase can be measured digitally
in units of #/2 by counting the number of times the
signal passes through zero (this is dealt with in the next
section).

We should say something more about the optics of the measur-
ing head, and in particular about the correction element used
in it (L in fig. 5). This has various functions. In the first place
it makes the ray path at the location of the grating telecentric,
i.e. the external principal point of the system goes to infinity.
This makes the scanning system insensitive to any tilting of the
grating about an axis in the plane of the grating. Secondly — and
this function is even more important — the correction element
removes the aberrations over a wide field of the concave mirror.
It can easily be shown that in forming an image of the grating
surface upon itself the aberrations of the mirror give rise to
errors in the phase relation between the interfering beams, and
that they therefore reduce the signal modulation due to the dis-
placement of the grating. The aberrations, expressed in optical
path lengths, should therefore not be more than a fraction of the
wavelength of the light used. A very good image can be obtained
over a wide field of view with the aid of a single correction lens
alone [7). However, to meet the very strict requirements imposed
here, it was useful to make the correcting element from two lenses
of different types of glass cemented together, as shown in fig. 5.
This construction also has the great advantage that the correction
of the image of the light source formed on the photodetector is
obtained in a very easy way.

Before going into the digital processing of the signals
S1 and Sz (eq. 9) it is perhaps interesting to mention
the exceptionally sensitive detection of displacements
that can be obtained with these signals. If £ in eq. (9)
is a whole multiple of }p, then the oscillogram of the
phase-modulated signal Ss, for example, is a periodic
curve consisting only of even harmonics. With a minute
displacement of the grating odd harmonics appear in
the frequency spectrum of Sz (changing in sign accord-
ing to whether the displacement is to the right or to the
left), and this gives rise to an alternating peak height.

[8) See note (61 of the article II by H. de Lang and G. Bouwhuis,
this issue, p. 165.

71 J. Dyson, J. Opt. Soc. Amer. 49, 713, 1959.
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always counts forwards in fig. 7 and always backwards
in fig. 8. It can easily be verified that the following
“truth table” is applicable:

forwards backwards

S14 positive S2¢ positive S2¢ negative

. S1q negative s2¢ negative S2¢ positive

S2q positive S1¢ hegative S1c positive
S2q negative S1c positive S1c negative -

The decoding of the signals in accordance with this
table is a simple matter using logic circuits. During one
signal period, i.e. — as we have seen from the deriva-
tion of eq. (8) — during a displacement through one
quarter of the grating period p, we obtain four counting
pulses, as can be seen in fig. 7 (or 8). The counter thus
indicates the displacement digitally in units of p/16, i.e.
in units of 0.5 pm with the grating period that we have
used.

This method of extracting the required information
from the signals s; and s2 would suffice if it were in fact

again derived by amplification, clipping and differen-
tiation, and these again yield the required counting
pulses upon decoding with the same truth table. What
is new, however, is that the counter still receives pulses
even when the grating is stationary. This is due to the
oscillation of the mirror, a number of pulses for the
forward direction being received when the mirror
swings to one side, and an equal number of pulses for
the reverse direction when it swings back again. (This
is easily understood if one considers that a displace-
ment of the grating and a rotation of the mirror are
optically equivalent, neglecting second-order effects.)
The amplitude of the oscillation of the mirror is now
given a value such that when the grating is stationary,
the train of measuring pulses has alternately seven for-
ward pulses and seven reverse pulses; the repetition
rate of these pulses is of course equal to f = /2,
the frequency of oscillation of the mirror (see eq. 9).
In the block diagram in fig. 9 we see that this train
of pulses, processed in the manner described and de-

n

Decod

S

Ga

S
y) i '2c

G

Fig. 9. Block diagram of the circuit for the digital processing of photodetector signals S1
.and S2. 4 amplifiers. L limiters. In the circuit Decod the signals are differentiated, and they

are decoded in accordance with the truth table

given in the text; this means that a forward

movement over a unit distance of p/16 produces a positive pulse, while such a movement in
the reverse direction produces a negative pulse. Superimposed on this, as a result of the
oscillation of the mirror, there continuously appear “forward” pulses and “reverse” pulses.
These are counted in the intermediate counter H, which eventually opens the gate Ga or the
gate Gy to let through the overflow pulses. Consequently, only the overflow pulses are counted
in the main counter C and thus supply a direct digital indication of the displacement in units

of p/16, with the proper direction.

possible to eliminate the constants Ky and K3 in the
way described. To do this one would have to have
identical photoelectric cells and d.c. amplifiers with
absolutely no drift. In practice this is not feasible,
problems arising in particular from the differences in
the temperature dependence of the photoelectric cells.
Because of these difficulties it was decided to adopt the
system mentioned earlier in which the concave mirror
of the scanning system is made to oscillate. This con-
verts the signals into a.c. signals Sy and Ss, as given by
eq. (9), and the d.c. components K; and Kz are auto-
matically eliminated in the normal a.c. couplings in the
circuits. v -
Signal processing in this case is somewhat different.

In the first place, similar signals Sic, Sac, S1d, S2a are

coded for direction, is not applied directly to the
counter C but to an intermediate counter H, which has
eight positions: —3, —2, —1, 0, 1, 2, 3, 4. The inter-
mediate counter keeps the gates G, and Gy to the main
counter closed, except in positions 4 and —3: in the
position 4 it opens G, and in position —3 it opens Gb.

When the grating is stationary, the intermediate
counter continuously counts backwards and forwards
between positions 4-4 and —3. The periodic opening
of G, has no effect (nor has the opening of Gy), because
after position 4 has been reached the intermediate
counter does not receive any positive pulse that could
reach the main counter through Ga. The main counter
is thus not actuated and it retains the latest information
relating to the position of the grating.

.
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If the grating now makes a movement “forwards”,
with a speed of say exactly p/16 per oscillation period
(2n/2) of the mirror, then the intermediate counter
does not receive 14 pulses in the time 27/Q2, but 15,
alternately 8 forwards and 7 backwards. Every time
position 4 is reached there is thus one overflow pulse
which is transferred through the opened gate G to the
main counfter — the intermediate counter H remains
in position 4 until a reverse pulse arrives. In the case
in question the main counter thus makes one step
(equal to 1/16th of a grating period) in each interval
27/02.

If the movement of the grating is slower, the inter-
mediate counter H will make several complete runs
backwards and forwards before an overflow pulse is
transferred; if it is much faster, several overflow pulses
are transferred for one complete run forwards and back-
wards of the intermediate counter. The maximum speed
at which the main counter gives a reliable indication is
not limited by the oscillation frequency of the mirror,
as might perhaps be thought. If the movement of the
grating is faster than the speed that would correspond
to the apparent movement to and fro which is equiva-
lent to the mirror oscillation, the intermediate counter
continuously receives pulses in one direction, only
more and fewer in alternate half-periods of the mir-
ror, and all the pulses go to the main counter. The
limit is therefore set only by the frequency characteristics
of the photoelectric cells and circuits. Ata grating speed
of 50 cm/s the counting frequency required is 1 MHz,
a value which is not difficult to obtain. To avoid dis-
turbance by unwanted mechanical vibrations the mirror
frequency is made fairly high, e.g. £ = 104 rad/s, i.e.
1500 oscillations per second.

To explain our choice of mirror amplitude, resulting in the
alternate counting of seven steps forwards and backwards, we
must take a closer look at eq. (9). Let us consider the term

cos [8n(&/p + m sin 21)]

in eq. (9b). This has the same form as (1) and can be expanded
in the following series (cf. eq. 2):

[J o(87m) + 2J2(87wm) cos 22t + .. ] cos —5 —_

— [ZJ 1(87m) sin Q¢ + 2J3(87n) sin 3021 + .. ] sin §Z—E

Here Jo, J1, ... are Bessel functions. It can be seen from the
series that when the grating is stationary (or moving slowly) the
signal contains in addition to K1 a d.c. component {or quasi-d.c.
component) Jo(8ztm) cos (87&/p), which in principle is eliminated
in the a.c. amplification. If there is an abrupt change of speed,
however, this d.c. component may then lead to erroneous in-
formation processing as a result of switching transients in the
a.c. amplifier. We avoid this by giving the mirror amplitude m
a value for which Jo(87tm) is zero. An infinite number of values
of m satisfy this condition; the smallest is m; = 2.43/87 rad ~
140°, and the next is ms = 5.53/87 rad ~ 317°. We have chosen
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m = mg, at which about 7 counts are made forwards and 7 back-
wards per mirror period (there are of course not exactly 7, but
this does not affect the function of the intermediate counter;
this is easily understood by considering the case of a rapid dis-
placement where the forward and backward counting is noticed
only as a periodic speeding up and slowing down of the stream
of overflow pulses to the main counter). The choice m = m
‘could also have been made, but it would have been less suitable
for several reasons and particularly in view of the analogue
interpolation (see below). ’

Apart from the term with Bessel function Jo(87mi) the term
2 sin (87i§/p) J1(87m) sin Q¢ can also theoretically cause un-
wanted effects. We may write this term as:

J1(87m) [COS (.Qt — 8_n§) —cos (.Qt + 8_%5)] .
P P

If a grating speed &/t = pQ2/8s should happen to occur, the first
half of this expression takes the constant value J1(87m), so that
we again have a d.c. component. For m = m1 this is about
1} times larger than. for m = mg (the J1 values being 0.51 and
—0.34 respectively). We were in fact able to demonstrate that
irregularities due to this d.c. component can occur: in our case,
with p = 8 pm and 2 = 104 rad/s, this could happen at a speed
of about 3 mmy/s, but in practice it does not prove troublesome.

Analogue interpolation

In many cases the digital indication of a position in
units of 0.5 pm will be sufficiently accurate. By inter-
polation of the digital basic units a further refinement
is possible, and with the present-day quality of gratings
a refinement by a factor of perhaps 10 is certainly
meaningful. A method for this interpolation has been
devised, which we shall describe with reference to
fig. 10.

This figure shows how the phase /87 of the signals
S1, Sa varies as a function of time, due to the oscilla-
tion of the mirror, the grating remaining stationary.
Owing to this phase variation the intermediate counter

wler ///,\\\\ ‘
/// \\ ;3
not \ /
T E
SO o A— . 7
2&Eh /) \ !
A\ =ty
at| [ — A\ ,// 0
\ / -
\ / !
N //
— -2
Ef \V ,
-3
7 7. T

Fig. 10. Illustrating the method of interpolation.
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goes through all its possible positions from —3 to +4;
this is indicated in the figure by the.division of the
ordinate by the horizontal bands.

The solid curve relates to a “digital” grating posi-
tion, i.e. a position that corresponds exactly to the
indication of the main counter (¢ = np/16, n being a
whole number, interpolated value zero). This curve is
symmetrical with respect to the axis ¢/8z = &/p, and
the intermediate counter remains for the same length
of time in the positions -1, -2, +3, +4 as it does in
0, —1, —2, —3. If the grating has been displaced by a
distance 4¢, then the periodic phase variation will
assume a form like that of the dashed curve; the inter-
mediate counter remains in the positions +1 ... +4
for a longer time than it does in the others. The inter-
mediate counter is now given an individual 6utput for
each of the positions +1 . .. 44 and all these outputs
are connected to an OR circuit (fig. 11). The output

L

Fig. 11. Circuit used for the interpolation, i.e. for determining
+ A& situated between 0 and 4 p/32. The positions +1 ... +4
of the intermediate counter Hin fig. 9 each have their own output;
these outputs are connected to an OR circuit. The average value
of the output voltage from this circuit is a measure of A&.

signal of this circuit has a constant value of 1 when a
signal is applied at one (or more) of the inputs, other-
wise the output is zero. We thus obtain a rectangular
waveform, which has the value 1 for the same length
of time that it has the value O only when A& =0,
and whose average value is a simple measure of the
unknown 4¢. This value can be determined by means
of a low-pass filter; an ordinary moving-coil meter,
which in itself acts as a filter, can be used to provide
an indication, its scale being calibrated in such a way
that the interpolated value can be read off directly.

.

The interpolation is not absolutely exact, but the error is
extremely small. It may be calculated as follows.

The average value of the rectangular-wave voltage, which is
determined by means of the circuit shown in fig. 11, is in fact a
measure of the difference between the time t., during which the
phase @/8z of the signal is greater than &/p, and the time r-,
during which it is smaller than &/p (see fig. 10). This amounts to
neasuring the small time interval Az In fig. 10 it can be seen
‘hat the required displacement A¢ is related to At by:

. %=msin L4y,

wvhereas in the interpolation A& and A are assumed to be linearly
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related (with a slope equal to the initial slope of the sine curve):

A—§= mfAt .
P

Since the interpolation need go no farther than A = p/32 (mid-
way between two “digital” grating positions), the maximum
interpolation error found is the relative difference between
1/(32m) and arc sin [1/(32m)]. At the chosen mirror amplitude
of m = ma = 5.53/8x this is an error of 0.35% (atm=my =
2.43/87 the error would be 1.9 %). Theoretically — if there were
no grating defects, etc. — it would be possible in this way to
take the interpolation down to a factor of 300; for an inter-
polation factor of 10 the method employed is therefore amply
sufficient.

An important point is that our method of interpola-
tion only uses the phase angle of the signals S1 and Se,
and not their amplitude. This means that, just as in the
digital measurement described earlier, the result is com-
pletely independent of variations in photocell charac-
teristics etc. due to temperature fluctuations and other
influences.

The final indication of the grating position is made
up from the digital indication in units of p/16, in our
case 0.5 pum, and the indication, for example from a
moving-coil meter, of a value continuously varying
between —0.25 and +0.25 pm, which has to be added
to the digital indication. This interpolated part can also
be fed to an analogue-digital converter if desired, and
if an interpolation factor of 10 is used the position can
be given in a purely digital indication in units of
0.05 pm.

Another use for the interpolated measuring signal,
which may often be of great practical interest, is as the
control signal in a closed control loop. In fact, the inter-
polation provides an analogue signal, and if the grating
is fixed to the carriage of a machine tool, for example,
a control loop using this signal will be able to hold the
carriage very accurately to a programmed position. In
a closed control loop using only digital measuring
information it has been found in practice — and also
from theoretical considerations — that the carriage
will continually oscillate back and forth through a dis-
tance that may be as large as one measuring unit. In a
high-precision lathe, for example, this is not acceptable,
even when the measuring unit has been made as small
as 0.5 pm. '

Applications‘ and further developments

The application of the measuring system described
here in a precision lathe and in a step-and-repeat
camera used for making photomasks for integrated
circuits has already been discussed in this journal in the
recent articles noted earlier [21 [2], The gratings referred
to in these articles have a period of 8 pm and total
lengths of 20 cm and. 6 cm respectively. In the step-
and-repeat camera a measurement with interpolation



160 PHILIPS TECHNICAL REVIEW

down to 0.05 pm is used for the (intermittent) displace-
' ment in one coordinate direction. For the (continuous)
displacement in the coordinate direction perpendicular
to this, the appropriate measuring signal is used
dynamically for firing the flash lamps at the proper
places; the accuracy achieved, which depends on the
oscillation frequency of the mirror and on the speed
of the carriage, is 0.12 pm (21

A measuring system operating on the principles de-

scribed here, for use with machine tools, will shortly be ‘

marketed by Philips.

In a further development of the system described in
this article it will perhaps be desirable to use an electro-
optical effect instead of the mechanical oscillation of
the mirror, which has its disadvantages (the equilibrium
position can drift and the oscillation frequency is
limited). In such a system an alternating electric field
would be used to apply a sine-wave modulation to the
phase difference between two components of a light
beam with polarizations at right angles to one another,
although with existing electro-optical materials this
would require fairly high voltages.

Another future possibility is that of combining the
scanning system of the grating with a control system
enabling the grooves of the grating to be used as guides:
this is perhaps an easier solution than using mechanical
slideways, and where extreme accuracy is required a

VOLUME 30

better one. One might also contemplate a combination
of two such systems using gratings with sets of grooves
at right angles (or even a combination of these two
gratings in a chequer-board pattern) for accurate two-
dimensional location, which is required in the step-and-
repeat camera referred to above, for example, and in
various other areas of technology.

Summary. A method has been developed for measuring displace-
ments up to a few decimetres with very high accuracy, using a
single reflecting phase grating with a typical grating period of
8 wm. This grating, fixed to the moving object, is scanned by a
fixed scanning head incorporating an optical system with a con-
cave mirror, by means of which an image of the grating is formed
upon the grating itself. A beam of light is therefore diffracted
twice by the grating, and the beam diffracted twice to the order
+1 is allowed to interfere with the beam diffracted twice to the
order —1. This reduces the basic unit of the measurement by a
factor of 4. The process described is performed with two incident
beams polarized at right angles and the signals are displaced with
respect to one another by 1/16th of a grating period; this results
in a further reduction of the basic unit by a factor of 2. Electronic
counting of the number of times the two signals go through zero
gives a digital indication of the displacement in units of 1/16th
of a grating period, i.e. 0.5 pm, and forward and reverse move-
ments can also be distinguished. The concave mirror is made to
oscillate. This has the advantage that the electronic circuits for
the digital indication and interpolation only have to process a.c.
signals and the indication does not vanish when the grating is
stationary. The article concludes with a description of a simple
way of interpolating by a factor of 10 or higher.

II. Displacement measurement with a laser interferometer

"

H. de Lang and G. Bouwhuis

The measurement of displacement by means of an
interferometer is the most accurate method of deter-
mining a length. A good piece of evidence for this is
the fact that interferometry is the basis for the defini-
tion of the international standard unit of length:
1 metre = 1650 763.73 wavelengths in vacuo of a
specific spectral line of the krypton isotope 36Kr.

In the classical~arrangement for measuring lengths
with an interferometer, two beams of light from the
same source (and thus to a certain extent coherent) are
allowed to interfere after a system of mirrors has made
them travel along different paths. The resultant inten-
sity depends on the relative phase of the waves and will

Dr. H. de Lang and G. Bouwhuis are with Philips: Research
Laboratories, Eindhoven.

thus vary periodically if the optical path length of one
of the two beams is made to vary in magnitude uni-
formly, e.g. by displacing one of the mirrors. A period
here corresponds to a change in path length of the
magnitude of one wavelength of the light. |

For the extremely accurate digital measurements of
displacements required in engineering, as discussed in
the preceding article (I), the use of a direct interfero-
metric method of this type — without a grating and
thus involving no diffraction’ effects as in I — is very
attractive. In this case the wavelength serves as the
natural digital unit of measurement. The advent of the
laser has now made this application a practical pro-
position. With the quasi-monochromatic light sources
used earlier the requirements imposed on the coherence
length (small optical bandwidth) and the local coher-
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of measurement (the wavelength of the light or a frac-
tion of it); set against this is the fact that the basic unit
can easily be 5 times smaller than in the grating method,
so that interpolation may not be necessary. Another
aspect — which is purely mechanical but may some-
times be decisive — is that a grating has to be fixed
rigidly to the object whose displacement is to be meas-
ured. This is not always possible, whereas it is not
usually very difficult to form a flat reflecting surface on
the object, e.g. by evaporating a metal film on to it.

In describing our laser interferometer we have to deal
with two quite separate parts of the equipment: the
helium-neon laser used as the light source, and the
actual interferometer system.

Stabilization of the Jaser frequency

The mirror system of our gas laser (2] is adjusted in
such a way that only one laser mode is obtained; as is
well known, the radiation of such a mode is limited to
an extremely narrow frequency,band, and it is therefore
usual to speak of the laser frequency. This frequency is
determined by the distance between the mirrors and
would remain highly constant for constant temperature
and other conditions; its actual value, however, cannot
be predicted with sufficient accuracy because of the
Doppler effect of the gas molecules. As a result of this
effect, the spectral line of the gas at which the laser
action occurs, e.g. the neon line of wavelength 1.15 pm,
has a width of about 4 X10-¢ yum, and the much nar-
rower laser mode may take up any arbitrary position
within this band. Its frequency can therefore vary by
more than 1 in 108, For our displacement measure-
ments, where it is the wavelength that determines the
base unit, it is necessary to fix the laser frequency at a
specific location in the Doppler profile with an accu-
racy of say 1 in 107: this will enable us to measure dis-
placements of 1 metre with an accuracy of better than
0.1 pm.

To fix the laser frequency to this degree of accuracy
we make use of a stabilizing method developed at these
Laboratories as long ago as 1964 [3], which makes use
of the Zeeman effect. The He-Ne laser is placed in an
axial magnetic field. The effect of this is to split each
spectral line, including the neon line used in the laser,
into two components circularly polarized in opposite
senses; each of these has its own Doppler profile; see
fig. 2. The laser mode also splits into two components
circularly polarized in opposite senses. The two com-
ponents also differ in frequency by a small amount [4],
of the order of 1 MHz; this does not matter for our
stabilization method, but we shall come back to this
point in the next section. Because of the relative shift
of the two Doppler profiles the two laser mode compo-
nents will now have different intensities. In the situation
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sketched in fig. 2, where the (average) mode frequency
Jfm is lower than the undisturbed line frequency fo, the
left-hand circular component will be stronger than the
right-hand one. Now the laser can be tuned to a certain
extent by means of electrostrictive and thermal changes
in length. If when the laser is tuned the mode frequency
fm becomes Jarger than fj, the difference in intensity of
the two mode components changes sign, as can be seen
in fig. 2. This provides a simple criterion for adjustment,
and the frequency fm can be stabilized to the value fo
by measuring the intensity difference and using this
measurement to correct the tuning until the difference
is zero. The arrangement used for this is shown in fig. 3.
The laser beam passes through an eléctro-optiéal crystal
of potassium dihydrophosphate (KDP), whose bi-re- '
fringence is modulated with an a.c. voltage. A photo-
electric cell in the transmitted beam, placed behind an
analyser oriented at 45°, receives alternate contribu-
tions from the right-hand and the left-hand circular
mode components. The magnitude and phase of the
resultant alternating signal thus depends upon the dif-
ference in the intensity of the two components, and by
comparing this signal with the alternating voltage

IQ

o

Fig. 2. a) Doppler profile of the spectral line 1.15 m of neon
(unperturbed frequency f). The mirror configuration of the laser
is such as to give a (monochromatic) laser mode somewhere
within this profile (frequency fm).

b) By means of a magnetic field the spectral line is split into two
components (Zeeman splitting A), each with its own Doppler
profile, and the laser mode separates into a right-hand and a left-
hand circularly polarized component, differing slightly in fre-
quency. The difference in intensity of the two components de-
pends on the difference between the (mean) mode frequency fm
and the line frequency fo.
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These two components now enter the inter-
ferometer proper. Here they strike a polarizing beam-
splitter consisting of a number of vacuum-evaporated
layers on which the beam is incident at the Brewster
angle. The parallel component here is almost entirely
transmitted and the perpendicular component almost
completely reflected [6). As a result, the component
with the frequency f1 goes through the fixed arm (shown
pointing upwards in fig. 4) and the one with the fre-
quency f2 goes through the variable arm of the inter-
ferometer (shown pointing to the right).

We shall first follow the “perpendicular” component
(f1). This passes through a quarter-wave plate oriented
at 45°, to a fixed mirror system M1, consisting of a lens
with a mirror located in its focal plane (a “cat’s-eye™).
‘With a system of this kind the beam is reflected in a
direction exactly opposite to the direction of incidence,
irrespective of the angular position of the system; this
means that the angular position does not have to be
adjusted 7). The reflected beam passes through the
quarter-wave plate again and back to the polarizing
beam splitter. Since passing twice through the quarter-
wave plate rotates the plane of polarization through
90°, the beam is now transmitted. The radiation then
passes through an analyser, oriented at 45°, to a photo-
detector.

The “parallel” component ( f3) of the original beam
traverses the variable arm of the interferometer in a
similar way. This time the reflection is from the cat’s-
eye M, which is fixed to the object whose displace-
ment Az is to be measured. Here again the plane of
polarization is rotated through 90° after the beam has
passed through the quarter-wave plate twice, so that
the returning beam in this case is mainly reflected by
the polarizing beam splitter and reaches the photo-
detector via the analyser together with the other return-
ing beam (f1).

The analyser, oriented at an angle of 45°, transmits
the same fraction of both beams, and since the beams
have different frequencies the result is a wave with a
beat frequency fi —f2 whose phase depends on the
path difference between the components and hence on
the coordinate z of the moving cat’s-eye M». This
results in a photosignal whose a.c. component has the
frequency f1 — /2 and a phase which is a linear function
of z: when M5 is displaced over a distance 4z equal to
half the wavelength, a phase shift in the signal of 4¢,
equal to 2z, is produced, so that in general:

4
A(p=77tAz. R ¢

This phase shift can be determined in magnitude and
direction (forward or reverse displacement) by com-
paring the phase of the resultant photosignal with that
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of the reference signal mentioned earlier. In the elec-
tronic signal processing, which takes place in very much
the same way as described in I for the measuring system
using a grating, one positive or negative pulse is ob-
tained every time the phase of the signal increases or
decreases by an amount sz. The displacement is thus
measured by counting unit steps of the magnitude of a
quarter of a wavelength, i.e. about 0.29 pm (see equa-
tion 1).

Instead of this digital measurement an “analogue”
measurement can also be carried out and changes in
optical path length very much smaller than the basic
unit step can then be determined. With simple means
an accuracy of a thousandth of a wavelength is ob-
tained, i.e. 1 nanometre, which is well below the limit
that might possibly be considered for displacement
measurements in engineering. .

An important practical point is that the interfero-
meter described delivers an a.c. signal even when both
cat’s-eyes are stationary. Just as in I, this means that
d.c. amplifiers are not required. Moreover the measure-
ment is not affected by variations in the laser intensity
or the magnetic field. We have already mentioned that
very large displacements can be measured with this
interferometer. The displacement can also take place at
high speed: if for example the speed is 0.5 metre per
second the photodetector must be capable of following
a frequency of 2 M Hz, which is certainly not exception-
ally high. (A higher magnetic field is required in this
case to give the frequency difference fi — f2 of the
laser mode components a value high enough to prevent
the frequency of one of the photodetector signals from
assuming the value zero — see fig. 4.)

By means of a modification shown in fig. 5 [8] the base
unit can be reduced by a factor of 2. Instead of imme-
diately separating the “perpendicular” and the “paral-
lel” radiation components by a polarizing prism, both
components (/1 and f3) are allowed to pass through
each of the two interferometer arms before the separa-
tion is effected. A quarter-wave plate in one of the two
arms rotates the direction of polarization of both com-
ponents by 90°, and it can be seen from fig. 5 that this
will have the result that a phase increase in one detected
beat signal, e.g. the one with perpendicular polariza-
tion, due to a displacement Az, will be associated with
an equally large phase decrease in the other beat signal,
with parallel polarization. The relative phase of the two
signals therefore varies twice as quickly as in the first
arrangement.

Concluding remarks

The merits of the grating interferometer and of the
laser interferometer have already been compared in the
foregoing. In conclusion we should like to emphasize
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that there are other potential applications of the laser
in metrology — some of them still well beyond the
needs of present-day engineering. Some examples have
been described elsewhere [91 (101, Only one of these
should be mentioned here. In the preceding article
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Fig. 5. Modification of the laser interferometer, which further
subdivides the basic digital unit of measurement by a factor of 2.
The letters have the same significance as in fig. 4.

DISPLACEMENT MEASUREMENT WITH LASER INTERFEROMETER

165

(I, page 155) we referred in passing to the exceptionally
sensitive detection of displacement which is possible
with the signals of the grating interferometer. As might
be expected, our laser interferometer is equally capable
in this respect : what is really astonishing, however, is the
ease with which a few components can be rigged to-
gether to give extremely high sensitivities once the laser
beam is available. Thus with a simple arrangement
including what is known as a confocal eta]or;; we were
easily able to detect an oscillation with an amplitude
of 0.06 nanometres 101,

It seems fair to say that the present progress of
technology towards the vanishingly small — witness
the integrated circuit — will not at any rate be ham-
pered by any shortcomings in metrology.

[8) The possibility of using a multilayer mirror for almost com-

pletely separating light components polarized at right angles

to each other has been pointed out in: H. de Lang and

G. Bouwhuis, Colour separation in colour-television cameras,

Philips tech. Rev. 24, 263-271, 1962/63, footnote 4] on p. 267.

Another system possessing this feature has three flat mirrors

at right angles to one another (a “triple mirror”). This is not ~

suitable in our case because of its anisotropy. The cat’s-eye
is also simpler and cheaper.

[8) This modification was proposed by E. T. Ferguson.

91 H. de Lang, G. Bouwhuis and E. T. Ferguson, Physics Letters
19, 482, 1965. See also H. de Lang, Polarization properties of
optical resonators passive and active, Thesis, Utrecht 1966;
Philips Res. Repts. Suppl. 1967, No. 8.

[10] G. Bouwhuis, Interferometrie met gaslasers (in Dutch), Ned.
T. Natuurk. 34, 225-232, 1968 (No. 8).

7

)

Summary. For measuring displacements of the order of 1 metre
or greater it becomes difficult to make and use gratings that are
long enough. In such cases the classical method of measuring
lengths with an interferometer is indicated. If a laser is used as
the light source, the exceptionally great coherence length of the
laser radiation enables a distance of many metres to be covered,
while a digital measurement using the wavelength as the basic
unit (e.g. 1.15 um with a helium-neon laser) can readily be carried

out. In the arrangement described in this article the laser frequen-
cy is accurately fixed by making use of a Zeeman splitting of the
laser mode and a control circuit with electrostrictive tuning of the
laser. In the actual interferometer the Zeeman splitting gives two
a.c. signals whose phase difference depends linearly on the dis-
placement. A phase shift of 7 corresponds to a displacement of
a quarter wavelength (i.e. about 0.29 pwm). This digital unit can
be halved by making a simple modification.
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coiling the wire makes tension springs unnecessary and
also assists the convection. The wire material is an alloy
of platinum with 109 rhodium; this material was cho-
sen because a) it does not react with reactive gases
such as oxygen (whereas tungsten, which is often used,
does), b) it has a low coefficient of emission for heat
radiation (which limits the power taken by the wire in
vacuo), and c) it possesses sufficient mechanical stability
at the working temperature to be used in the form of
a horizontally tensioned coil (pure platinum is too soft
for this).

35mm

— 7 ooty

Fig. 2. Design of the new manometer tube, with convex upper
wall, for pressures of about 0.0001-1000 torr. The operation
below about 10 torr depends on the thermal conduction of the
gas, as in the original Pirani gauges; above 10 torr it depends on
convection. I coiled wire of platinum with 10% rhodium, diam-
eter 25 um, wound on a 1 mm mandrel. Part 2 of the tube is at
room temperature; it is made of copper, has a black matt surface
and is fitted with cooling fins. The tube must be used in the posi-
tion shown, with wire I horizontal and wall 2 at the top.

Sensitivity, stability of the convection pattern, and
measuring range all imposed different requirements on
the design of the new manometer tube, and a compro-
mise had to be found between them. In general the
sensitivity increases with the distance between the wire
and the upper wall and with the temperature of the
wire; this temperature therefore sets a lower limit to
this distance. On the other hand the stability of the con-
vection sets an upper limit to this distance, particularly
for heavy gases (e.g. COq) and high pressures. We have
found experimentally that an adequate sensitivity —
in other words, a measurable heat loss due to convec-
tion — is obtained if the distance between the wire and
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the upper wall is at least 15 mm at pressures of up to

200 torr, and the wire temperature is higher than about

200 °C. Above 200 torr a distance of about 10 mm

would be sufficient, and in that case a lower wire

temperature would also be permissible. We also found
that adequate stability is assured if the following
conditions are satisfied:

1) The distance between wire and upper wall should
be 40 mm at the most for pressures up to about
1 bar (760 torr). '

2) The inner surface of the envelope above the wire
should be smoothly contoured, with no sharp
corners, edges or protrusions. '

The dimensions of envelope and wire used in our

manometer tube ensure the necessary stability and

also a smooth transition between the two mecha-
nisms of heat transport, so that a wide range of pres-
sures can now be measured with a single gauge.

The convection principle can also be applied for
pressures above 1 bar, but to ensure stable convection
at the greater density of the gas the distance between
the wire and the upper wall must be smaller, which
raises the lower limit of the measuring range. For the
range from about 1 to about 11 bars we have made an
experimental tube with a cylindrical envelope and a
wall distance of 7 mm; some information about this
tube is given in the caption to fig. 3. .

Fig. 3. Schematic cross-section of a manometer tube with cylin-
drical envelope, for measuring pressures from 1 to 11 bars. The
wire 1 is roughly parallel to the axis of the cylinder, but need not
coincide with it. Distance between wire and upper wall is about
7 mm. Wire supports and contact pins are of gas-tight material.
Draught effects due to pressure changes, which are troublesome
at these high pressures, are largely eliminated by a screen 2in
front of the gas inlet. The stability is very good up to pressures of
11 bars; the maximum measurable pressure is probably much
higher.

11 M. v. Pirani, Verhandl. Dtsch. Phys. Ges. 8, 686, 1906.
21 See for example S. Dushman and J. M. Lafferty, Scientific
foundations of vacuum technique, Wiley, New York 1962.
31 ¥, B.-Johnson, Rev. sci. Instr. 27, 303, 1956.
P. E. Seiden, Rev. sci. Instr. 28, 657, 1957. ;
J. A. McMillan and T. Buch, Rev. sci. Instr. 28, 881, 1957.
A. W. Smith, Rev. sci. Instr. 30, 485, 1959,
K. Diels and R. Jaeckel, Leybold Vakuum-Taschenbuch,
Springer, Berlin 1962, p. 105.
(41 M. Jakob, Heat transfer, Wiley, New York 1949, part I, chap-
" ters 3 and 22-26.
[5] H. von Ubisch, Appl. sci. Res. A 2, 364-430, 1949/51.
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Fig. 4 shows a manometer tube in a bridge circuit;
M is a high-resistance voltmeter, Ry is the resistance
of the hot wire which changes when the gas is admitted.
The following well-known and essentially different
methods can be used for the measurement. '
1) At a constant bridge voltage ¥ the meter reading

can be taken as a measure of the pressure [6],

2) The temperature of the wire, and hence its resistance
Rp, can be adjusted by varying the supply voltage
Vv until the voltmeter reads zero, the voltage re-
quired being a measure of the pressure.

In method (1) the temperature of the wire decreases

with increasing gas pressure; if it were to approach the

temperature of the envelope, the calibration curve
would become too flat, because of the insufficient
temperature difference between wire and envelope

(not because the pressure dependence of the thermal

conductivity is too small). Method (2) does not show

this type of saturation [5]; this is therefore the obvious

method for our pressure gauge, which works with a

fairly low wire temperature and is intended to measure

both high and low pressures.

It is perhaps useful to look for a moment at method (1), which
is widely used with the classical Pirani gauge [7]. We shall con-
sider three limiting cases, in which we choose:
la) Ro<Rp (and hence Ri1<Rjs); at constant bridge voltage
Vv the voltage across the wire then remains virtually con-
stant.

1b) Ro>> Rp (and hence also R1>> Rg); at constant Vy, the current
through the wire now remains virtually constant.

1¢) Ro = Rp; at constant Vi the power dissipated in the wire
remains virtually constant (decreasing Rp by 209 reduces
the power by 1.2% and a 40%; reduction in R} decreases the
power by 6.25%).

If a material with a positive temperature coefficient (e.g. a metal)

is used for Rp, the saturation in the calibration curve caused by

an insufficient temperature difference between wire and envelope

occurs soonest with method (1b) (/p constant) since the power

dissipated in the wire (Ip2Rp) then decreases with increasing gas

pressure. In methods (1a) (¥} constant) and (1c) (power constant)

the saturation in this case is slower. :

With the method we have chosen (2) it is desirable to
keep the wire temperature constant automatically 151,
Not only does this provide the advantage of a direct-
reading instrument, but it also avoids the risk of the
wire burning out if the operator reduces the voltage ¥y
too late when the pressure drops suddenly to a low
value. For this purpose we use an electronic control
unit. The circuit diagram is shown in fig. 5. The bridge
difference voltage 4V is amplified by a differential am-
plifier and then used as the supply voltage for the
bridge. If the gas pressure increases, the wire temper-
ature falls slightly, causing an increase in 4V and

“hence in ¥} that almost completely offsets the cooling.
In addition to the resistors Ro, Ry and Ry of the bridge
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Fig. 4. Circuit of the tube in 2 Wheatstone bridge. Rp resistance
of the hot wire. Ro, R1 and R: resistors. Vy bridge voltage. Vp
voltage across the hot wire. M high-resistance voltmeter.
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Fig. 5. Measuring circuit with automatic control of the wire
temperature. A4 is a differential amplifier for d.c. voltage; am-
plification about 500 X. V. compensation for supply voltage in
vacuum. The voltmeter V indicates ¥y — Ve, the increase in
the bridge voltage after the admission of gas; it is calibrated
separately for each type of gas. Other symbols are as in fig. 4.

circuit and the differential amplifier, the control unit
(on the left in fig. 1) contains a voltmeter for various
voltage ranges, which is connected to the voltage V5.
The zero reading of the meter is made to correspond to
vacuum by subtraction of a constant, but adjustable,
voltage V.: in a vacuum the wire still loses heat by
radiation and by conduction via the mountings.

The calibration curve of the combined control unit
and manometer tube of fig. 2 is given in fig. 6 for nitro-
gen. As already noted, the calibration curve depends
on the kind of gas being measured ; light gases like he-
lium and hydrogen have a higher thermal conductivity. '
The calibration curve shown for nitrogen is also valid
for air and oxygen to a very good approximation. The
dashed curve presents for comparison the calibration
curve of a “classical’” Pirani gauge, with identical wire,
in the region where it differs from that of the new type.

81 Instead of reading the voltmeter, one can also adjust the
resistance R1 or Rz (or both of them) until the'voltage across
M is zero again, and use this resistance value as a measure
of the pressure.

71 See for example M. Pirani and J. Yarwood, Principles of
vacuum engineering, Chapman & Hall, London 1961, p. 102.
Following Pirani, only methods (la) and (1b) are generally
used besides method (2). Method (1c) is not regarded as im-
portant in the literature.
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Fig. 6. Nitrogen calibration curve for the gauge unit using the manometer tube of fig. 2. The
range below 10— torr is given with a logarithmic ordinate in the inset. The gas pressure is
plotted horizontally, the bridge voltage less the value for a vacuum is plotted vertically
(Vo— Ve, seefig. 5; Ve= 1 volt). The dashed curve relates to a corresponding “classical’
Pirani gauge in the range where it differs from the curve for the new type.

Finally fig. 7 shows the calibration curve of the tube
in fig. 3 for pressures above 1 bar.

In designing the combined manometer tube and
control unit our first concern was to make the equip-
ment simple, reliable and easy to use over the whole
pressure range. No attempt was made to achieve the
highest possible accuracy and sensitivity in specific
pressure ranges, and therefore no attempt was made

to stabilize the wall temperature. Nevertheless, the -

accuracy obtained is sufficient for most applications.
With careful use the voltage established at a certain
pressure is found to be reproducible to within about
1% of the full scale deflection of the mzasuring range
in use; the corresponding accuracy of the pressure
measured depends on the pressure range and can be
determined with the aid of the calibration curve.

T

L~

09 ? % 5 8 10bar
Fig. 7. Nitrogen calibration curve for the gauge unit using the
tube of fig. 3; the horizontal scale gives the excess pressure in
bars. The voltage V. corresponds here to the bridge voltage Vv at
1 bar (about 12 volts).

Summary. The operation of the Pirani gauge relies on the pres-
sure dependence of the thermal conductivity of a gas. When a gas
is admitted into the gauge near a hot wire the change in the electri-
cal resistance of the wire, due to the cooling caused by the thermal
conduction of the gas, is used as a measure of the gas pressure.
The measuring range (previously from about 0.0001 to 100 torr
at the most) can be extended upwards by making use of the con-
vection of the gas around the wire. The article describes a Pirani
gauge for a pressure range from about 0.0001 to about 1000 torr

in which this principle is applied. The design is extremely simple
because of the appropriate choice of wire temperature and of the
dimensions of tube and wire. The témperature and hence the
electrical resistance of the wire are kept automatically constant
in a Wheatstone bridge by means of an electronic control unit;
the voltage required is a measure of the gas pressure. The design
parameters are briefly discussed in connection with stability and
sensitivity. A variant of the tube is suitable for measuring pres-
sures from 1 to 11 bars and perhaps higher.
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PTC thermist,‘oré as’self-regulating‘ heating elements

E. Andrich

The resistance of PTC thermistors varies with temperature in such a way that they can be
used as heating elements with particularly interesting characteristics. When a sufficiently
large voltage is used, they reach a temperature near their ferroelectric Curie point with a
high initial current in a Jew seconds, assume a high value of resistance at this temperature
and act from then on like thermostats. These heating elements thus automatically regulate
their power consumption to suit the heat requirements. Investigations with laboratory
models of soldering irons and domestic hotplates have given impressive demonstrations of

the special advantages of these elements.

Introduction

PTC thermistors are resistors made of semicon-
ducting materials with large positive temperature coef-
ficients. Ceramic semiconductorslike barium titanate or
a mixture of barium titanate with strontium and lead
titanate are usually used. These materials have a
transition temperature (Curie temperature) at which
the crystallites change from the tetragonal to the cubic
phase. This transition is accompanied by a marked
change in electrical properties. In particular, the resist-
ance increases by several powers of ten when the
temperature is raised to the vicinity of the Curie point.
The abrupt increase in resistance is steepest in semi-
conducting barium titanate, whose Curie point lies
at 120 °C. The temperature coefficient in this case
reaches a maximum of 60% per degree (fig. I). In
mixed titanates, whose PTC characteristics lie in other
temperature ranges, depending upon the composition of
the material, the maximum change of resistance per
degree is generally between 10 and 20 % (fig. 2).

An obvious application of these substances with
this sharp increase in resistance is in temperature-
dependent switching processes: if the temperature.of
the thermistor increases to the neighbourhood of the
Curie temperature, perhaps because of an increase
in the ambient temperature or an increase in the electri-
cal power converted in the device, it then restricts the
current flowing through it. This effect can be used, for
example, to reduce the power consumption of a load
connected in series with it, or to switch over a relay.

A special case is encountered when the thermistor
itself is the load and the power supplied to it is converted
into a useful heat output. In this case it combines
various functions and operates as a self-regulating

Dipl-Phys. E. Andrich is with the Aachen laboratory of Philips
Zentrallaboratorium GmbH.,
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Fig. 1. Resistance-temperature characteristic of a PTC thermis-
tor of semiconductor BaTiOs. Its Curie temperature is 120 °C.
The temperature coefficient also has its maximum here, with
about 60%; change in resistance per degree,
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heat source, in other words as a thermostat. At a given
voltage the PTC thermistor initially draws a high
current, since at first it is still cold and its resistance is
low. Its temperature then rises because of Joule heat-
ing and it would become white hot in a few seconds if
the sharp increase in resistance at the Curie tempera-
ture did not immediately restrict the power absorbed.
A state of equilibrium then arises in which the
power absorbed adjusts itself to be equal to the heat
dissipated; the thermistor tries to keep its temperature in

PTC HEATING ELEMENT

171

The use of PTC thermistors as heating elements pre-
sents a number of technical problems. The elements
should not crack when heated up quickly, they should
be capable of withstanding high electrical fields and
should have an adequate life at operating temperatures
between 300 and 400 °C. These requirements are partly
met by using special methods for fabricating these
ceramic semiconductors and applying the contacts.
The work at the Aachen laboratories has eliminated
the problems encountered in the reproducible
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Fig. 2. Resistance-temperature characteristics of PTC thermistors sintered in the laboratory.
The distribution of the curves depends on the composition of the material, indicated by the
value of the subscripts x and y. The two curves for x = 0.5 differ only because different sin-
tering methods were used for the two thermistors.

the vicinity of the Curie point. This can often be a useful
feature of a heating element that is subjected to a vary-
ing heat drain. For example, a soldering iron fitted
with such an element adjusts its power intake to suit
the conditions of the soldering operations. It heats up
quickly but does not become overheated when not in
use. Because of this there is less corrosion of the bit and
also, where there is a large loss of heat, as when solder-
ing a chassis, the heat loss is quickly compensated [1J.

Experimental soldering irons of this type have been
made with some success at the Philips laboratories in
Aachen (there is no production of these irons as yet).
Other applications now being studied include a fast-
heating hotplate for domestic use, and a simple ther-
mal conductivity meter incorporating a PTC thermistor '
as a heat source of virtually constant temperature for
laboratory use. This instrument can be so designed
that the power or current consumption are exactly
propoitional to the thermal conductivity of the test
object. - . g

manufacture of these soldering irons with their heating
thermistors. :

In this article we shall show how many of the
characteristics of PTC thermistors make them particu-
larly suitable for application as heating elements. We
shall also indicate that there are certain limitations in
such applications because of particular properties of
the materials.

Properties of semiconducting titanate

By mixing BaTiOs with SrTiOs or with PbTiO3 in
the manufacture of the ceramic elements, materials are
obtained with a wide range of Curie temperatures and
thus a corresponding range of different-PTC character-
istics, Depending on the proportion of SrTiOz or
PbTiO3 in these mixed titanates the Curie point is
shifted either downwards or upwards (fig. 2). The in-
clusion of 0.3 mol ; of LaTiOs makes these substances

1 E. Andrich, Properties and applications of PTC thermistors,
Electronic Appl. 26, 123-144, 1965/66.
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semiconducting. The sharp increase of resistance
at the Curie temperature does not take place uni-
formly throughout the whole ceramic body but only
at the grain boundaries between the densely sintered
crystallites [2). Barrier layers are formed at these
boundaries, whose resistance depends not only on the
temperature but also on the applied voltage. The
resistance increase with positive temperature coefficient
extends over a range of about 100 degrees. Qutside this
range the temperature coefficient is negative (fig. 3).
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Fig. 3. Variation of the resistance R of a PTC thermistor in the
temperature range from —100 to +390°C. Outside the PTC range
(50 °C to 180 °C) the temperature coefficient is negative.

It should be noted that the curves in figs. 1, 2 and 3
were obtained with a test voltage that was smaller than
2 V. At the higher voltages that are applied when the
device is used as a heating element there is a significant
decrease in the resistance with increasing voltage, as
in the well-known voltage-dependent resistor (VDR).
The behaviour of the PTC thermistor at higher volt-
ages can be readily understood if it is assumed to have a
VDR shunted across it. The resistance ratio Rmax/Rmin
(fig. 1) of the thermistor whenitis being used as a heat-
ing element may -therefore be considerably smaller
than that observed at the test voltage; nevertheless it
can still be greater than 100:1, and this is still perfectly
adequate for temperature-dependent control of the
power in the heating element.

The current-voltage characteristic of the PTC ther-
mistor, which shows the behaviour of the device when
it is carrying a current, is therefore of importance; this
is-the non-linear curve in fig. 4. The dashed curve in
fig. 4 indicates the dependence of this characteristic on
ambient temperature or heat loss. The PTC thermistor
can thus be used as a switching element that severely
limits the current through the resistive load R in series
* with it as the ambient temperature rises from I to Ts.
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This situation corresponds to the operating point
Py’ in fig. 4. It should be borne in mind that this is
usually a single switching process; when the ambient
temperature goes back to T3 the operating point does
not go back beyond Pz. Generally speaking, it is only
possible to switch the thermistor back to the cold
resistance with the operating point P; if the supply of
current is temporarily disconnected or the ambient
temperature falls far below freezing point, so that the
complete current-voltage characteristic of the thermistor
rises above the load-line of the load. This means that
there is little point in using a series-connected ther-
mistor to give temperature-dependent control of the
power in a resistive load. In such a circuit the thermis-
tor works merely as a delayed-action fuse (11,

This brings us to another important characteristic
of this device, the current-time characteristic. In fig. 5
it can be seen that the relatively high initial current
drops steeply after a certain time to a low residual
value; this happens when the Curie temperature is
reached, and the higher the initial current the earlier it
occurs, Measurements of this time show that it may be
as short as a fraction of a second 1], If such short
self-arresting heating-up processes are possible, and
PTC thermistors with Curie points higher than 400 °C
can be made (see fig. 2), then it should be possible to
build heating units which reach their operating temper-
ature immediately after being switched on and then
hold this temperature constant. We shall see presently
(page 174) that in fact it is not possible to heat up

Fig. 4. Current-voltage characteristic of a PTC thermistor at
different ambient temperatures 71 and T2. At low ambient tem-
perature T the characteristic has two stable points of intersec-
tion P1 and Pz with the load-line of a load R connected in series
with the thermistor. At the operating point Py a relatively high
current flows through the circuit. At higher ambient temperature
T there is only one point of intersection P2’ at a low current,
indicating that the thermistor has severely restricted the current
through the load.
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grey ceramic. The volume
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of the pellets shrinks by
about 209, during this

process.
Difficulties arise during
sintering since PbO evapor-
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ates readily at these high
temperatures. The PbO also
reacts with the ceramic
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elements usually used for
substrate, boat and furnace
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cess. To avoid such reac-
tions it is necessary to use
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platinum substrates in the
preparation of these titan-

ates and to use closed plat-
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Fig. 5. Current-time characteristics of a PTC thermistor. The higher the initial current the
sooner the thermistor reaches its Curie temperature, at which the current drops to a small resid-
ual value. The dashed curve represents the switching time 7 asafunction of theinitial current 7,

the entire system within fractions of a second, for we
have not yet taken into account the thermal resistance
of the thermistor and the material that only plays a
passive part in the heating-up process, or their heat
capacities. Moreover, the initial electrical power avail-
able is usually limited.

The technology of (Ba,Pbh)TiO3

The (Ba,Pb) titanates have high Curie temperatures
and are therefore particularly interesting for use as
heating elements. The method of producing these
mixed titanates will now be considered in some detail.
For technical reasons the two components BaTiO3 and
PbTiOs are prepared separately. The BaTiOsis pre-fired
at about 1100 °C to give the reaction

BaCO3z + TiOs — BaTiO3 -+ COs,

and the PbTiOs is pre-fired at about 950 °Cto give the
reaction
PbO 4 TiOz — PbTiO3

(a diagram of the process is given in fig. 6). The pre-
firing processes produce a powder consisting of fine
grains of doped titanates; these are ground in a ball
mill for about 16 hours and at the same time thoroughly
mixed in the specified barium-lead ratio. The powder is
then compacted by cold pressing into pellets for the
heating elements. The pellets are finally sintered at
a temperature from 1300 to 1400 °C to form a bluish-

21 E. Andrich and K. H. Hirdtl, Investigations on BaTiO3
semiconductors, Philips tech. Rev. 26, 119-127, 1965.

800's inum vessels similar to

thoseused in the production
of piezoelectric ceramics
containing PbO.

The sintering conditions
(i.e. the temperature and
atmosphere) and the preliminary treatment of the
powder all have a considerable influence on the end-
product of the mixture (Ba,Pb)TiOz (more so than with
pure BaTiO3 semiconductors) and very many experi-
mental runs were therefore needed before a reprodu-
cible method of preparation was found.

—_—T

The PTC heating element

Accuracy of temperature control

The operating temperature of a PTC heating element
is not very much affected by a variation in operating
voltage. For example, a thermistor rated at 10V can
still be operated at 20 V with no significant increase in
its temperature. An example considered in conjunction

tmol 1.02mol 0.003mol Imol  1mol 0.003mol

weighing lBiCO3+ﬁ02+La(NOI| Iﬁ)O'+Ti02+La(NO3T3|
wet mixing 16h wet mixing. 18h
pre-firing 1100 °C (Pb,La)JTi03| 950°C
wet mixing+’gr\inding 16h
pressing 3000 kgfem?
sintering 1340°C

F:g 6. Diagram ;)f the method of preparing lanthanum-doped
(Ba,Pb)TiOs3. .
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response to the temperature
stabilization of the ther-
mistor. The measures taken
to minimize the adverse
effects of these factors on
the . temperature control
include the use of a thin
PTC element and the care-
ful choice of insulator and
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Fig. 7. @) Resistance-temperature characteristic and b) current-voltage characteristic of a
(Baop,5Pbo.5)TiO3 thermistor. The temperature interval Ty, T in (@) corresponds to the voltage

interval V.-V in (b).

with the two characteristics in fig. 7 will make this
clear. From the resistance-temperature characteristic
(R-Tcharacteristic) of a thermistor of (Bao.5Pbo.5)TiOs,
as shown in fig. 7a, we find that the temperature inter-
val over which the temperature coefficient is positive is
AT = 150 °C, and from the current-voltage character-
istic (I-¥ characteristic) shown in fig. 7b, we find that
the corresponding voltage interval is AV = 66 V. The
ratio AT/AV = 2.3 °C/V then gives the average change
in temperature per volt. If the maximum current is
reached at 350 °C with 6 volts, then for 10V we can
calculate an operating temperature of about 359 °C in
the thermistor and an operating temperature of 382 °C
for 20 V.

On the other hand, it can be seen that a fine adjust-
ment of the temperature in the thermistor can be at-
tained by varying the applied voltage. Of course, a sim-
plified calculation like this can only give an approxi-
mate picture of the behaviour of the thermistor. A
complete picture would have to take into account the
heat lost to the environment, the non-linearity of the
characteristic and also the geometry of the thermistor.
However, although the calculations can be made more
complete in this way they still have to be based on
certain simplifying assumptions, and this means that
there is not much improvement in the agreement with
the measured results. :

The temperatures we are referring to are only to be
found inside the thermistor, since the thermal conduc-
tivity of the thermistor material is low (A~1 W/m°C).
The temperature stabilization at the surface is therefore
not as perfect as one might expect from the electrical
characteristics of the thermistor. Moreover, when the
device is incorporated in an actual instrument, such as a
soldering iron, it has to be surrounded with electrical
insulation, which is usually also a poor conductor of
heat. Finally, the heat-dissipating metal casing has a
fairly high heat capacity and consequently a delayed

]
Unax=72V metal jacket, but obvious-
ly some compromises have

—_—
b to be made.

The various layers — semi-
conductor, insulation and metal
— should not be rigidly bonded,
although this would give better
heat transfer. However well the thermal coefficients of expansion
are matched to one another, there would still be relative move-
ment of the materials against one another because of the con-
siderable temperature differences that can arise between them
during heating-up or when heat drain is large. The heat-trans-
ferring surfaces between the different materials must therefore
fit flush with each other, with no air gaps between them.

Even with an ideal design for the soldering iron, the
two unavoidable, passive quantities — thermal resist-
ance and heat capacity— are still present in the system.
These quantities cause a time delay in the heat control,
and a lower temperature at the bit; the temperature of
the bitisalso highly dependent upon the heat loss to the
work. A controlled heating element does not therefore
of itself give a stable temperature at the bit, independent
of the heat loss to the work. This is a fact that is easily
overlooked and which applies equally to soldering
irons with other kinds of temperature control, such as
a bimetallic strip.

Operating voltage and thermal strength

The limits of the operating voltage are not simply
set by the maximum voltage that can be applied Vmax
(see fig. 7b). If the minimum resistance of a heating
thermistor below its Curie point is 1 Q, it will absorb
1 kW of power when the operating voltage is still only
32 V, which means that the element heats up in less
than 1 second. Owing to the thermal contact with the
heat-dissipating metal jacket, this gives rise to a high
temperature gradient in the semiconductor which can
cause the ceramic material to crack. To avoid this the
initial power when the element is switched on must
not be greater than 300 to 400 W per element; this
value corresponds to a heating element with a
surface area of 1 cm?2.

If, on the other hand, we apply a lower voltage and
wait until the thermistor and the system to be heated
have reached an almost steady temperature near the
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Electrostatic motors

B. Bollée

The magnetic forces between moving electric charges, which underlie the operation of all
present-day electric motors, are much smaller than the electrostatic Jforces between the
same charges. As electrostatic motors are based on the second effect it appears surprising,
at first sight, that they are not in common use. This article explains why, under ordinary
conditions, the electrostatic motor is at a disadvantage compared with the electromagnetic
motor. The most likely area of application appears to lie in the construction of very small
motors. 1t is shown that, by using the precision techniques available in a modern laboratory,
it is possible to make various types of electrostatic motors with torques of practical interest.

Introduction

One aspect of the present trend towards miniaturiza-
tion is the search for methods of making smaller electric
motors which are still able to deliver a useful mechanical
power output. If the motor is used in an apparatus with
a built-in energy source (dry cells, storage battery,
energy paper [11, solar cell), then the efficiency of the
motor is of great importance as this will determine the
size and useful life of the source. In assessing the per-
formance of minjaturized motors the power per unit
volume and the efficiency are the two most important
criteria. In the case of the traditional electromagnetic
motor with all its modern variants, both the power per
unit volume and the efficiency are reduced when the
same design is produced in a scaled-down version. This
comes about because the energy dissipation in the
magnet coils relative to the electric power consumed
becomes greater as the motor becomes smaller. The
operation of the electrostatic motor is based on the
forces which electric fields exert on electric charges. It
contains no coils, and the dissipation is very low, being
that due to charge transport in an arrangement of short
electrodes connected in parallel, and to dielectric losses.
Itis therefore to be expected that the ratio of dissipation
to power consumption in a very small electrostatic
motor will compare favourably with that in an electro-
magnetic motor of the same size. With this idea in mind
we instituted a fresh investigation into the possibilities
of making electrostatic motors.
 Like, electromagnetic motors, electrostatic motors
can be synchronous and asynchronous and we have

Ir. B. Bolide, formerly with Philips Research Laboratories,
Eindhoven, is now in charge of the University Workshops in Utrecht.

1] P. A. Boter and M. D. Wijnen, Energy paper, Philips tech.
Rev. 28, 298-299, 1967.

studied both types. A brief outline of the principles of
operation is given below, followed by a more detailed
discussion of particular aspects.

Principles of the synchronous and asynchronous electro-
static motor

The synchronous motor we considered is shown in
its most elementary form in fig. I. It is a variable
(rotary) capacitor with a square-wave voltage applied
across the plates. When the motor is running at the
correct speed (i.e. synchronously), the rotor turns half

fo~

Fig. 1. The principle of the synchronous electrostatic motor is

illustrated by a variable (rotary) capacitor connected to a voltage
of rectangular waveform. Between & = 0 and & = n/2 there is
a voltage between the rotor and the stator. The rotor blade / is
then attracted by the stator blade 3, and 2 by 4. In the next
quarter-revolution the voltage is zero and the rotor continues
turning under its own inertia.
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the fields generated by the electrodes are such that the
rotor will have one pair of poles. If a motor is built with
a ring of N electrodes, with the successive electrodes
energized by voltages of successive phases, then the
number of pole-pairs is p = N/m, where m is the
number of phases.

The torque on the cylinder in fig. 3 is present because
the rotating field has an angular velocity with respect to
the cylinder. When the motor is operating, the angular
velocity of the rotor must be smaller than that of the
rotating field (i.e. the operation is “asynchronous”), and
the torque and efficiency depend on the ratio between
these angular velocities.

The performance that can be obtained from an
electrostatic motor is limited by the breakdown that
occurs if too high a voltage is applied to a given motor
(or, for a given voltage, if the distance between the
plates is made too small). A “normal” breakdown field
strength (in air of atmospheric pressure with a gap of
1 mm) is about 3 X108 V/m, so that for a synchronous
motor with a plate spacing of 100 um the voltage must
remain below 300 V. One way of raising this limiting
value is to operate the motor in a vacuum, in which
field strengths of 3 108 V/m are possible. The break-
down field strength also depends on the distance be-
tween the electrodes. As the electrode spacing decreases,
the breakdown field strength in air at atmospheric
pressure begins to increase sharply at about 7.5 pm,
and at 2 pm it reaches a value of 1.7 x 108 V/m, which
is close to the value in a vacuum [2),

Earlier investigations of electrostatic motors

Although the principles underlying the electrostatic
motor, both synchronous and asynchronous, are simple
and have long been known, remarkably little attention
has been paid in the past to the possibility of making
motors of this type. The earliest publication known to
us that deals with the synchronous electrostatic motor
is a thesis by Petersen, which appeared in 1907 [31. The
next study devoted to it, by Trump [4), did not appear
until 1933. He was considering machines of high power
and high voltage in vacuo, and built a 55-watt motor
for experimental purposes. He did not investigate small
motors. Thereafter the synchronous electrostatic motor
was forgotten.

The asynchronous motor was investigated as long
ago as 1893 by Arno 15). The phenomenon of dielectric
hysteresis in insulating material (glass, ebonite, etc.)
was already known and he used it to build a motor
operating at 3800 V, 40 Hz, which reached a speed of
1250 rev/min. After the turn of the century there fol-
lowed a period in which the principle was widely used
for studying the dielectric hysteresis of materials [6],
but not for making motors. It was not until 1931 that
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the asynchronous motor again came up for discussion,
in a thesis by Strobl [7], He checked his theoretical cal-
culation on a 2000 V motor built for that purpose, but
an operational motor was never constructed. After this
the asynchronous motor also fell into oblivion.

As previously mentioned, there is now a need for
miniature motors in a wide variety of devices ranging
from toys to satellites. The electrostatic motor has
features that make it of interest for such purposes,
especially as many new materials and technologies have
become available since the thirties which could be turned
to good use in the manufacture of such small motors.
It will be apparent from the work disciissed below that
itisin fact possible to produce electrostatic motors with
a volume of no more than a few cubic centimetres which
have torques of practical interest (of the order of
5 uNm, i.e. about 50 mg-force X cm).

The synchronous electrostatic motor

Our investigations into the synchronous electrostatic
motor relate mainly to obtaining an optimum design.
The essential features to be considered are the capaci-
tance variation (and hence the form and arrangement
of the electrodes) and the waveform of the alternating
voltage (sinusoidal, square-wave, etc.). First the torque
and power are calculated as a function of the capaci-
tance variation and the voltage. Initially the losses are
left out of account, and are dealt with in a separate
section. Finally we consider the question of starting,
which is always a problem with synchronous motors.

Calculation of torque and power

In a synchronous electrostatic motor the capaci-
tance C of the capacitor formed by stator and rotor is
a function of the angle of rotation ¥ of the rotor. Be-

(21 J. Biermanns, Hochspannung und Hochleistung, Hanser,
Munich 1949, p. 74; W. O. Schumann, Elektrische Durch-
bruchfeldstirke von Gasen, Springer, Berlin 1923, p. 25.

[81 W. Petersen, Elektrostatische Maschinen, Thesis, Technical
University of Darmstadt, 1907.

41 J. G. Trump, Vacuum electrostatic engineering, Thesis,
Massachusetts Institute of Technology, 1933.

51 R. Arno, Uber ein rotirendes elektrisches Feld und durch

elektrostatische Hysteresis bewirkte Rotationen, Elektro-

techn. Z. 14, 17-18, 1893.

V. von Lang, Versuche im elektrostatischen Drehfelde, Wie-

ner Berichte 115, 1Ia, 211-222, 1906.

A. Lampa, Uber Rotationen im elektrostatischen Drehfelde.
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tween the stator and rotor a voltage ¥ is applied that
varies periodically with time. When the motor is turn-
ing, ¥ is a function of time and hence C is also. Elec-
trical power is then converted into mechanical power.
This power is calculated as follows.

If I is the current supplied through the terminals,
then the electrical energy supplied in a time interval d¢
is given by:

Pedt = IVdt.
The (varying) charge on the electrodes is CV, and the
change in this is:

Idt = d(CV) = CdV + VdC,

so that
Pedt = CVAV ++ V2dC.

Part of this energy is stored in the electric field. The
instantaneous field energy W, is + CV2, and this in-
creases in the time dz by an amount

dWe = CVdV + 1 V2dC.
The rest of the energy supplied,
Pedt'— dWe = %}: Vzdc,

is delivered to the rotor as mechanical energy Pndr.
The mechanical power is thus:

Py = % V2dC/dt. 49
The torque T acting on the rotor is:
T = Ppdt/d® = 3 V2dC/d9. @)
Between T" and P there exists the relation:
P = wnT, 3)

where wm = d¥/d¢ is the angular velocity of the rotor.

Let the number of electrodes be V. The angle between
two electrodes, the “electrode pitch”,is then 27/N. In the
theory of electric motors it is the usual practice to
denote the position of the rotor by the variable
© = N; this quantity @ varies by 27 when the rotor
moves on by one electrode. The capacitance C is a
periodic function of @ with a period 27.

Suppose now that the motor rotates uniformly (e.g.
due to the flywheel effect of the rotor) and that the rotor
moves on by one electrode in one period of the supply

~ voltage. In that case by definition we call the speed
“synchronous” (even in those cases in which the motor

is unable to supply power at this speed); other speeds

will be discussed later. The synchronous angular veloc-
ty wm equals ws/N, where ws = 2nfs is the angular
frequency of the supply voltage. C is then a periodic
function of time with the same period as the supply
» voltage. From (1) and (2) it can be seen directly when a
positive power and torque can be obtained. This occurs,
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Fig. 6. A rectangular voltage V(¢) and a triangular variation of
capacitance C(®) are shown. The corresponding torque T, which
acts on the rotor when it is turning at the synchronous speed, is
derived from equation (2). The angular position of the rotor is
given by ® = wst — a. In (a) a=0,in (b)) « ;é 0. In case (a)
the average torque T is maximum.

for instance, if we have a rectangular voltage with V' 50
in that part of the period in which dC/dt is positive, and
V = 0 where dC/d¢ is negative. This is illustrated in
fig. 6a for a triangular variation of capacitance.

In general the rotor will lag in phase behind the
voltage. The angle will be given by:

O = wst —a

(see fig. 6b). For part of the cycle the torque and power
are then negative, and the average torque and power
are smaller. The angle a« assumes a value such that the
average torque is equal to the torque required by the
load (fig. 7). If the required torque is greater than the
maximum torque of the motor, the motor falls out of
synchronism and stops.

In the case of a square-wave voltage, if the parts of
the cycle for- which V2 3£ 0 and dC/dt > 0 are of
equal length, then the average power is a maximum

~|

b

&~

Fig. 7. The average torque T as a function of the angle o by
which the rotor lags behind the voltage. For a load with a
torque 71, the value «; is unstable while a5 is stable.
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when these parts coincide (Cmin coincides with the
beginning of the square wave, Cmax with the end, as
in fig. 6a). The maximum average power in that case is:

Prax = } V2dC/dt = § VoX(ws/27) (Cmax — Cmin), (4)

where Vy is the peak square-wave voltage. The maxi-
mum average torque is:

Tonox = (N/47)Vo¥(Cmax — Cmin). - - . (5)

The following points may be noted in connection
with the equations:
1) P and T are proportional to V2. This implies that
the sign of the voltage is irrelevant. To the motor the
voltage shown in fig. 8b is equivalent to the square-
wave voltage of fig. 8a. The motor cannot operate with
a voltage as shown in fig. 8¢c. With the voltage of fig. 8a
the motor runs in both directions equally well.

_.<
[}

—

—_—<

0 —ot Q
{
0 —7 c

Fig. 8. As the torque and power of the synchronous electrostatic
motor are proportional to the square of the voltage, the voltage
forms (@) and (b) are equivalent, whereas the motor cannot run
with the voltage waveform (c).

2) Given the magnitude V¥ and frequency fs of the
square-wave voltage, and the capacitance difference
Cmax — Cmin, the maximum average power Pmax iS
independent of the number of electrodes N. The torque
ds proportional to N, and the angular velocity is
inversely proportional to N. A motor with many elec-
trodes is thus slow but powerful. In practice, there is

- an upper limit to N. If we start distributing more and
more electrodes over a given rotor surface area,
Cmax — Cmin will gradually decrease (see fig. 9), and
the expected increase of torque will not be attained.
We shall return to the relation between Cmax — Cmin
and N later.
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Fig. 9. a) As long as the gap width is much smaller than the
electrode pitch, then, for a given rotor surface area, the capaci-
tance variation is independent of the number of electrodes (N)
into which this area is divided. b) If N is so large that the pitch
becomes as small as the gap width, hardly any capacitance varia-
tion can be expected.

3) Design details of the motor, such as gap width,
electrode height, etc., are not explicitly contained in
the equations. They are accounted for in a single factor
Cmax — Cmin. To determine the maximum torque in
an actual case it is not necessary to know internal
structural details, but it is sufficient to measure the
capacitance as a function of the position of the rotor.
This can be done by mounting the stator on a grad-
uated turntable and fixing the rotor in position with
respect to the frame of the turntable. Such a measure-
ment of C(®) is also a check on the precision of manu-
facture of a motor.

The synchronous electrostatic motor compared with an analogous
electromagnetic motor

Equation (4) provides a basis for comparing the electrostatic
synchronous motor with variable capacitance, as discussed above,
with the magnetic synchronous motor possessing variable reluc-
tance, which is its analogue. Both are presented schematically in
fig. 10. This comparison explains why the development of the

Fig. 10. An electrostatic synchronous motor with variable capaci-
tance and a magnetic synchronous motor with variable reluc-
tance, shown schematically to illustrate the analogy between
them. - :
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electromagnetic motor has made such great strides whereas the
electrostatic motor has not yet found practical application. It also
indicates the circumstances in which the electrostatic motor might
well compete with the electromagnetic type.

Let us assume that Cmin in eq. (4) can be neglected with respect
to Cmax. If the rotor turns at a constant voltage Vo, the field
energy in the motor varies between zero and a maximum value
W = % Cmax Vo2 Eq. (4) takes the simple form:

}_)mn,x=_fsW. L (6)

Since an equation of this form also applies to the electromagnetic
motor in fig. 10, the power of the two types of motor can be
compared by considering the field energy in the two cases. This is

W = As(3 DE) = %} AseoE? (electrostatic), (7a)
W = As(¥ BH) = (7b)

where 4 is the total area of the poles or electrodes and s the gap
width.

The upper limit of the power that can be produced with a motor
of a given size is determined by the practical limit of E or B
provided the motor is not too small. In the magnetic case the
upper limit for B, as determined by the saturation of the magnetic
material, is roughly 1 Wb/mz2,

In the electrostatic case the power is limited by electrical break-
down. If the electrostatic motor is to rival the magnetic motor
in field energy per unit volume of field space, the required field
strength is £ = Bf)/softo (cf. eq. 7a and 7b). For B = 1 Wb/m?,
we obtain E = 3 X108 V/m. At a “normal” breakdown strength
of 3x 108 V/m (see page 180) the permissible field energy (for
the same A and s) is thus 10* times smaller than in the magnetic
case. By using thin plates more field space can be accommodated
in an electrostatic motor than in a magnetic-reluctance motor of
the same size (see, for example, fig. 12). In spite of this advantage
which may be 10 to 100 times, the maximum power per unit
volume of the whole motor is still a factor of 100 to 1000 below
that of the magnetic motor. Therefore the electrostatic motor
will not generally be a competitor of the magnetic type.

As previously mentioned, the operation of the electrostatic
motor in a vacuum gives it a much higher breakdown field
strength (3 X108 V/m) and would enable it to compete with the
magnetic motor. A proposal along these lines was made by
Trump in 1933 4], but practical versions of vacuum motors have
never been made. )

We have previously referred to the heat generated in the coils.
In small magnetic motors this may become comparable to the
input power. The efficiency steadily diminishes with decreasing
size and the power limit is no longer determined by the magnetic
induction but by the necessity of dissipating the heat generated
in the coils. Thus the magnetic motor steadily loses its advantage
as it gets smaller.

In quantitative terms this can be seen as follows. Consider a
magnetic motor of the type in fig. 10, with the linear dimension /
and in which the current density is J. Let us consider the effect
on the efficiency and on the maximum power output of changing
all the linear dimensions in the same proportion. Assume that
the magnetic circuit outside the gap is completely short-circuited;
if the gap width is s, the field strength in the gap is then (1/s) X
the number of ampere turns, and is thus proportional to
(1/D) x JI2 =JI. From (6) and (7) the mechanical power delivered,
Pn, is proportional to W, and hence to As(J)2 ec J2/5. The
power dissipated in the coils, Pg, is proportional to J2/3. Thus as
I decreases the power output decreases more rapidly than the
dissipated power, so that the efficiency must tend to zero.

The calculation of the maximum power output per unit volume
of the motor requires rather more subtle reasoning. The normal

+ AsB2%[uy (magnetic),
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constraint is that the current density shall not exceed a given
value Jp, irrespective of the dimensions. This value is set by the
requirement that the heat generated inside the coil windings must
be conducted to the surface without the internal temperature
becoming unduly high. When the dimensions are small, however,
it is not so much the heat transport from inside to outside that
counts but rather the heat dissipation at the surface. For a given
maximum temperature difference from the ambient air, the sur-
face dissipation is proportional to /2. The generated heat

(ec J28) must therefore not exceed a constant times /2; thus,

if Jm is the permissible current density, then Jm2P3 cc /2, or
Jm? oc /-1, The maximum power output Pm (proportional to
Jm?305, see above) is thus proportional to /4, and the power per
unit volume Pm/® oc I decreases with the volume.

The reasoning given above does not apply to all types of
electromagnetic motor; in particular the situation is more favour-
able for motors with permanent magnets. This does not alter the
general conclusion that problems of heat dissipation are always
encountered as a result of the generation of heat in the current
conductors.

The losses in the electrostatic motor (ohmic losses in the elec-
trodes and dielectric losses) are less severe and do not limit the
size of the motor in so definite a manner. This is the basis for
the assumption that ultimately miniaturization gives the ad-
vantage to the electrostatic motor. Of course, there are other
limits set to the process of scaling down. For example, a gap
width of 10 um would seem to be the lower limit with present
techniques. Whether the electrostatic motor would already have
the advantage at this limit is a question that we leave open.

Arbitrary periodic variations of voltage and capacitance

In the preceding discussion we have for simplicity
referred to a square-wave voltage and a capacitance
variation of triangular form. Other voltage waveforms,
such as a sinusoidal alternating voltage, possibly recti-
fied or superimposed on a d.c. voltage, are more readily
available than a square-wave voltage and are often
more efficient for operating the motor. Moreover the
capacitance variation is not normally triangular.

If we examine the problem in more general terms,
we find that the motor can also run at speeds other
than the synchronous speed. This can be shown as
follows. We expand V(¢) and C(®) into a Fourier series:

V(t) = Vo + V1icos wst +
+ Va2 cos Quwst — B2) + . ®

C(@) = Co + Cicos O + .
+ Cz cos 260 — ’}/2) +. .M

(The phase angle of the fundamental harmoric in (8)
and (9) can always be equated with zero. by means of a
suitable choice of the origin on the #-axis and the ©-
axis.) Assume now that the motor is running uniformly
but not necessarily with the synchronous angular

velocity ws/N We then have:
@ = hCOst — .

(10)
For the synchronous speed we have 4 = 1. Eq. (10)
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implies that the angular velocity wm of the rotor is

given by:
(1)

Substituting (8), (9) and (10) in expression (1) we find
for Pm a sum of terms of the type:

wm = hws/N.

cos (kwst — Bi) cos (lwst — f1) sin (ghwst — dy),

with £,/=0,1,2,... and g=1,2,... . These prod-
ucts can be converted into sums of trigonometric
functions. The arguments for the terms of the series
for Pp, thus obtained are sums and differences of the
original arguments. When averaged over time all ex-
cept the constant term yield the value zero. The con-
stant term is composed of terms with “zero” frequency
which arise for -

kws + lws + ghws =0,
that is when
h= 4=,
q

This implies that the motor can generally give an
average power output at the angular velocities given

(12)
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(which is- not surprising since the frequency of the
variation of 72 is 2f;). The power output is:

P = 1V2dC/dt
= —1C1V12 cos? wgt X 2ws sin 2wst — a)
= —1wsC1V12(1 4 cos 2wst) X
X (sin 2wst cos o — cos 2wst sin o).

In working out the product the only term that con-

tributes to the average is the term with cos? 2wst, and
the average of this is 1. The average power is thus:

__P.m = %wSC1V12 sin o,
and the maximum average power is:
Prax = iwscl V12

Table I gives possible spe‘eds and the corresponding
maximum average power outputs in various cases. The
first three examples are for a motor with sinusoidal
capacitance variation connected to a) a sinusoidal a.c.
voltage (the example worked out above), b) a sinusoidal

" a.c. voltage superimposed on a d.c. voltage, c) a half-

wave rectified sinusoidal a.c. voltage. Example d) is for
a motor with an arbitrary capacitance variation con-

Table I. Possible speeds and corresponding power outputs for various forms of capacitance

variation C(®) and supply voltage V(¢).

120 ) \ h Prnox
a) V1 cos wst Co + Cicos © 2 1 wsC1 V12
b) | Vo - Vicoswst Co + Cicos © 1 4 wsCLVo V1
2 1 wsC1 V12
" . 1
c) —= (1 4 47 sin wst — Co + Cicos @ 1 e wsC1 V12
T _2cos2wst +...) T
(half-wave rectified 2 "12 + 1 wsC1 V12
sine curve) 3m 16
34,...
d) V1 cos wst 3 Cqcos (O —yp)| 2 3+ wsC1V1?
q 2/2 * wsCa V12
2/3 + wsCs V12
2/q wsCe¥1?

by (11) with 4 substituted from (12). The velocities pos-
sible in a particular case depend on the terms occurring
in the series (8) and (9). The amounts of power that can
be delivered at the various possible velocities will, in
general, be quite different from each other.

Let us now take as an example the simple case of a
motor with a sinusoidal capacitance variation, con-
nected to a sinusoidal alternating voltage. We have:

V = V1 cos wet, C = Cy 4 Cicos 0.

This corresponds to k = [ =1 and g = 1. The pos-
_sible values for & are thus 4 2. This means that the
motor can only run at twice the synchronous speed

nected to a sinusoidal a.c. voltage. From (a) and (b)
in Table I it can be seen that half the original speed is
possible when a d.c. voltage is superimposed on the
original sinusoidal a.c. voltage. Fig. /I shows a large
demonstration model with which this and other features
of the synchronous motor can be demonstrated.
From case (d) we can draw some conclusions which
could be of practical importance. In the first place it can
be seen that for a motor supplied with a pure a.c. volt-
age and which runs at the speed appropriate to this
(twice the synchronous speed) only the first harmonic
of C(0) is of importance. The power at this speed is
proportional to C; and independent of the other coef-
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Fig. 18. The maximum capacitance variation of toothed elec-
trodes (dct) as a function of dfs for different values of #/s. The
grooves have the same width as the teeth. The dashed curve
corresponds to d = /5.

lar teeth and grooves the maximum variation Adc; is
plotted as a function of d/s for various values of t/s
(d being the groove depth, ¢ the pitch length and s the
gap width). This shows, for example, that where
t/s < 30 there is little point in making the grooves
deeper than 5s. For lower values of ¢ the curves remain
virtually level down to lower values of d, and it is seen
that there is no point in making d greater than ¢/5. It
can also be seen that for a given 4 and s and for a
decrease in ¢, dcy decreases more rapidly than ¢. This
is a quantitative demonstration of what was shown in
fig. 9: the fotal capacitance variation of the motor
(cNdcy oc deyft) decreases when a given rotor surface
is divided into an increasing number of electrodes, d
and s being kept the same.

Another of the results we have derived with this
method is that thin strips give a greater capacitance
variation than teeth. A further conclusion is that it is
advéntageous to give the strips a width which is slightly
smaller than the spaces between them. Finally we men-
tion that the capacitance variation decreases if the
strips are applied in or on a synthetic material. This is
mainly caused by the increase of the minimum capaci-
tance. The latter result was derived using a specially
built resistance network in which different values of

resistance were used for the “air region” and for the

“dielectric region”.

The losses of the synchronous electréstatié motor

Two loss mechanisms in the synchronous electro-
static motor have already been mentidned; the ohmic
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losses in the electrodes and in the electrode connections
on charging and discharging the capacitor, and the
dielectric losses in the insulating material of which the
motor is made. Low ohmic loss is an inherent feature
of the design of the motor, with its short electrodes
connected in parallel. By choosing a suitable insulating
material the dielectric losses can also be kept low.

At the low powers normally involved it is important
to take account of the friction losses in the bearings.
For the experiments we mainly used sapphires as
bearings, for convenience in dismantling the test mod-
els. Another advantage of sapphires is that they act
as insulators between rotor and stator. The coefficient
of friction of a polished steel shaft running in sapphire
bearings is about 0.1. Ball bearings, which are now
available in very small sizes (down to 1 mm outside
diameter), have ten times less friction, but they are
difficult to mount and protect against dirt. Moreover
they are about twenty times more expensive than sap-
phires.

Finally, the air-friction losses can constitute a signif-
icant proportion of the total power loss, as there are
large surfaces close together in relative movement. We
found from measurements that the air-friction losses
with our profiled cylinders were no greater than those
with smooth cylinders of the same radius r, length / and
gap width 5. The latter are proportional to r3/wm?/s.
It follows that the losses can be minimized by using a
long thin motor instead of a short thick one. The air-
friction losses are only of importance in the faster-
running motors. In small motors for timers and
counters, with speeds of 1 to 2 rev/s, they can usually be
ignored. Of course the air-friction losses can be avoided
entirely by running the motor in a vacuum.

Starting the synchronous electrostatic motor

Many of the devices used for starting small synchro-
nous electromagnetic motors are based on the presence
of permanent magnets in the rotor. These are ruled out
for the electrostatic case because there is no useful
electrical analogue of the permanent magnet. Another
method used for electromagnetic motors, and which
can also be used for our purpose, is to use a hand-
operated mechanism to give the rotor a speed close
enough to the synchronous speed for the motor to
start running in phase. Succéssful starting depends not
only on the speed but also on the position of the rotor
and the phase of the supply voltage at the momient the
rotor and starting mechanism are decoupled. It may
therefore be necessary to repeat the starting manipula-
tion several times.

To calculate the spread in position and speed for
which the motor will start, we must solve the equation
of motion for the rotor and determine the conditions
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results of experiment and the calculation is given in
Tables II and II1.

On the evidence of our experimental results and the
calculations mentioned, we believe that it is possible to
make asynchronous electrostatic motors with a volume
of a few cubic centimetres and giving torques of prac-
tical interest (e.g. of a few uNm). In order to construct
a practical model however, further investigations would

Table II. Values of fs and Rfs for which the stationary torque
reaches its maximum, as shown by fig. 25, for four rotors (i.e.
four values of R). The theoretical value is obtained using the
results of the calculations quoted [9), *

R (fSdopt (RfS)opt
rotor in 1010 Q in Hz in 1013 Q-1
1 6.5 60 0.39
3 9.2 - 30 0.2g
5 13.8 30 0.4
6 25.6 9 0.23
theoretical value 0.54

Table III. Values of Tmax/V 2y, obtained from measurements
on the motor described in the caption to fig. 25, using one par-
ticular rotor (No. 5) for different values of the supply voltage
(Vrms = r.m.s. voltage between two successive electrodes). The
theoretical value is obtained from the formulae of [9), taking
Vo =% V?ms'

Vrms Tmax Tmax/ V?ms
inVv in UNm in 10710 Nm/V?2
(1 uNm = 10 mg-force X cm)
100 2.2 2.2
150 5.2 2.3
170 6.8 2.3
theoretical value : 4.0
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be desirable, in particular into means of obtaining the
most favourable form of rotating field.

The success of the experiments described here is
largely due to the skill of H. Harhuis, C. J. Th. Potters
and J. Th. Driessen of the workshops of Philips
Research Laboratories, and to the assistance received

. from A. W. M. Bogers and Th. M. B. Schoenmakers.

Summary. The operation of the electrostatic motor is based on
the action of electric fields on charges. The principle has been
known for a long time but, unlike the electromagnetic motor,
the electrostatic motor has not found any application. The reason
is that the power of the electrostatic motor is limited by the elec-
trical breakdown strength, and is very much smaller under
normal and comparable conditions than the power of the electro-
magnetic motor. Perhaps electrostatic motors might be able to
compete with electromagnetic motors if operated in a high vac-
uum and in cases where a very small motor is required. The
characteristics of this type of motor have been studied at Philips
Research Laboratories in Eindhoven and the problems of con-
struction investigated.

The synchronous electrostatic motor is basically a variable
capacitor whose capacitance varies periodically as it is rotated,
and which is connected to a square-wave voltage. A variety
of small motors have been built, in particular the flat-plate
type with vane-shaped electrodes, and the cylindrical type with
electrodes in the form of teeth or corrugations. In the latter case
the effect of the electrode profile on the capacitance variation was
studied. An asynchronous type of electrostatic motor can also be
built. This is based on the action of a rotating electric field on a
rotor made of a material of low electrical conductivity (a poor
insulator). Small motors of this type have been built of both the
flat-disc and the cylinder type, the rotor consisting of an insulat-
ing material covered with a resistive layer. Experimental meas-
urements of the stationary torque on the rotor were found to be
in reasonable agreement with the values calculated on the basis
of a simple model.
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High-precision spark machining

C. van Osenbruggen

In the last ten or twenty years spark erosion has proved of real value for machining of
material in various situations where the material is too hard or the workpiece too com-
plicated for ordinary machining. It has also been found that spark machining is more
efficient for many processes where cutting tools were previously used. The research and
development work described in this article has shown how to achieve very accurate and
relatively fast machining down to very small dimensions, and consequently a much wider -

range of applications.

Spark machining: method and application

One of the new workshop techniques in which the
material is machined in a non-conventional way is the
technique known as spark erosion or machining (or
EDM, for “electro-discharge machining”). The fun-
damental principle of the process is the removal of
small particles of material from two electrodes as the
result of a spark discharge [1]. The method has gained
its wide acceptance largely through the work of B. R.
and N. I. Lazarenko (2. Its principle is illustrated in
fig. 1.

The electrodes are mounted close to one another,
separated by the spark gap. The work is immersed in
an insulating liquid, the dielectric fluid. Discharges of
short duration are generated in rapid succession be-
tween the electrodes. To ensure regularity of the spark-
ing process the length of the spark gap — which is the
main factor determining the breakdown voltage — has
to be constant. In most spark-erosion machines this is
achieved by using the breakdown voltage to control the
displacement of the “tool” electrode in such a way that
deviations from the desired value of this voltage are
compensated.

In the remainder of the article we shall refer to the
tool electrode simply as the “electrode” and we shall
call the other electrode the “workpiece”.

A characteristic feature of spark erosion is that all
electrical conductors and all non-conductors with a
conductive surface coating (in some cases this can be
formed in the discharge process) can be machined
irrespective of their mechanical properties. ‘

The chief application of spark-erosion machines is
for machining very hard materials that conventional

C. van Osenbruggen is with Philips Research Laboratories,
Eindhoven.

7
.

Fig. 1. The principle of spark erosion. An electrode E and a
conductive workpiece W are held a short distance apart, the
spark gap between them being filled with the dielectric fluid D.
If the distance d between two points on either side of the gap is
small enough, a voltage pulse V applied between the electrode
and the work will result in a spark discharge, causing material
to be removed from both E and W. A special mechanism ensures
that the spark distance is held constant by advancing the
electrode E. Particles P removed by sparking have to be flushed
away.

cutting tools cannot handle. Since there is no mechani-
cal contact between the work and the electrode in spark
erosion, there is no need for the electrode material to be
particularly strong or hard. The various applications of
the method are based on the fact that a negative and
slightly larger “copy” of the electrode is machined in
the workpiece, so that holes of any desired profile can
be drilled; it is, in fact, possible to make a number of
profiles, gaps or holes simultaneously. (This can also
be done in ultrasonic machining, which, though less

(11 G. Bredig, Z. angew. Chemie 11, 951, 1898.
T. Svedberg, Arkiv fér Kemi, Mineralogi och Geologi 2,
Paper No. 40, 1906. .

2] B.R. and N. I. Lazarenko, Physical foundation of the electric
spark machining of metals, Vestnik Akademii Nauk SSSR
29, No. 6, 1959. -
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accurate, is nevertheless of great significance for
machining materials such as glass, ceramics and semi-
conductors.)

The main incentive for the research and development
work on spark erosion at Philips Research Laboratories
came from production departments, and this work has
been chiefly concerned with equipment for machining
very small workpieces much more accurately than has
previously been possible: we refer to this as high-preci-
sion spark machining. Several machines with different
accuracies and machining rates will be described in this
article. -

The mechanism of the removal of the material in
normal spark erosion is chiefly a thermal process [3].
Two phases in the process can be distinguished (for
simplicity we assume that the electrodes are of metal):
1) Heating of the metal to the melting point at the

point of discharge.
2) Removal of the molten metal particles.

The heating phase can be explained as follows. In the
conditions prevailing during normal spark erosion a
breakdown occurs as a result of an avalanche of field-
emission electrons leaving the cathode, which ionize the
dielectric fluid and thus produce new electrons. The
- process is assisted by “bridges” of particles in the fluid
moving towards points with the highest field
strengths [41,

When the breakdown has started, a gaseous con-
ducting channel forms and this channel is enlarged by
the supply of energy from the spark generator. One
advantage of using a dielectric fluid is that the width
of the discharge channel is kept small, so that a high
energy density can be obtained. (Another advantage of
the fluid is that eroded particles can be flushed away
from the spark gap more easily.) As a result of the
voltage drop that appears at the two electrodes, the
electrical energy transported by the channel is con-
verted into heat, and this process can give high tem-
peratures.

. There is an optimum discharge time for a particular
energy per discharge. If the discharge time exceeds this
optimum, the power delivered is lower. The metal then
takes longer to reach its melting point and in the mean-
time some of the energy is lost by thermal conduction
into the metal. If, on the other hand, the discharge time
is shortened and the discharge energy remains the same
(so that the power is increased), material will vaporize
and part of the energy will consequently be lost as
latent heat.

The original difficulties with spark-erosion machin-
ing were the relatively low machining rate and the rapid
wear of the tool electrode (the ratio between the
amounts of material removed from the two electrodes
depends chiefly on the energy dissipated in each of
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them). These difficulties were overcome by improving
the power supply for the spark discharge and by using
special electrode materials. It is very important here to
find the best combination of electrode and workpiece
material [81 (6], .

Problems of high-precision spark machining

The nature of the processes which can be performed
by high-precision spark machining is illustrated by a
few examples in fig. 2. One of the technique’s first
applications was in making diaphragms for electron
microscopes, which requires very accurate burr-free
holes of 20 pm diameter to be made in 20 um sheet
platinum. Various mechanical methods had been tried
previously for making these holes, but none of them
had given satisfactory results. A hole produced by high-
precision spark machining is illustrated in fig. 2a. The
irregularities at the edge of the hole are smaller than
0.2 um, the out-of-roundness less than 0.4 um. Another
example of the technique’s unprecedented capabilities
is the needle point shown in fig. 2b, in which a hole of
50 um diameter has been sparked. The eye of the needle
is also shown for comparison.

Machining to such exceptional accuracy demands a
very careful choice of the conditions in which the
spark-machining process is carried out. The electrode
has to be very accurately shaped and an accurate con-
trol mechanism has to be employed to maintain the
narrow spark gap (about 1 pm). The eroded particles
have to be smaller than this since otherwise they cannot
be removed from the spark gap without causing a short-
circuit. Moreover, the smoothness required of the
machined surface sets a limit on the dimensions of the
craters formed in the sparking. Our investigations have
shown that for these reasons low-energy discharges
have to be used for high-precision spark machining,
with a discharge time which is so short that only the
spark stage of the discharge is utilized, the arc stage
which follows it generally being suppressed. While
energies ranging from 0.0003 to 2.0 J and discharge
times of 2 to 2000 s are customary for normal spark
machining, the energy required for high-precision spark
machining is about 10-8 J and the discharge time about
0.03 yus. Despite the large differences in discharge ener-
gy and discharge time, it has now been found possible
to attain an efficiency (in terms of quantity of material
removed per unit of energy) which is just as high as that
of normal spark machining [7), while electrode wear can
also be kept within very acceptable limits.

The rate of machining is a rather different matter. It
might appear difficult to perform a given operation
quickly enough at the same relatively high efficiency,
since in high-precision spark machining only a very
small quantity of material is removed at each discharge.
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The electrode

The properties required of the electrode material
depend partly on the material of which the workpiece
is made. We shall assume that when the discharge
occurs the electrode surface is heated to no higher than
its melting point Tp and that as yet no material is
removed. In this process the temperature at the surface
of the workpiece Ty is required to be as high as pos-
sible. The ratio T/To must therefore be large. With the
aid of equation (1) in the Appendix it can be calculated
that for a given workpiece material pTol/Mac)el must
then be large (4 is the coefficient of thermal conductiv-
ity, o the density and ¢ the specific heat of the elec-
trode material; p is the ratio between the power dissi-
pated in the workpiece and the power dissipated in the
electrode). The minimum value which.the material
constant To}/(Aoc)er should have depends on the work-
piece material.

The power ratio is p = V/Ve, i.e. it is equal to the
ratio of the effective voltage drop at the workpiece to
that at the surface of the electrode after the discharge
has become stable (after 10 ns). The effective voltage
drop at the cathode (V; in fig. 5) in a discharge is inde-
pendent of the current density and decreases with

1

Fig. 5. Voltage drops at the clectrode surfaces for an electrical
discharge (schematic). @. is the work function of the cathode
material, @, the work function of the anode material. ¥V, is the
effective voltage drop at the cathode, V, the effective voltage
drop at the anode.

increasing work function (gc) of the electrode material.
However, according to H. Schierholt [8] the effective
voltage drop at the anode (V) is proportional to the
current density and increases with the work function of
the anode (a). Since the diameter of the discharge path
increases and thus the current density decreases during
discharges of relatively long duration, p then has its
greatest value if the anode is used as the electrode. In

high-precision spark machining, however, discharges

are short and current densities are high, so that V, is
large; the cathode is made the electrode and it is made
from a material with the highest possible work function.

In semiconductors, unlike materials which are good
conductors, the heat generated at the point of incidence
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of the discharge as a result of electrical resistance has a
considerable effect on the temperature distribution in
the material and the “entry resistance” makes an
appreciable extra contribution to the voltage drop in
the surface region. The voltage drop in a silicon surface
connected as an anode is typically 400 times greater
than in copper. This means that in machining silicon
a) a high voltage is necessary; b) the temperature dis-
tribution is chiefly determined by the Joule heating;
and c) the polarity has little effect on electrode wear,
so that there is no objection to employing alternating
polarity (as in the process described above; see fig. 4).

Some machines that have been developed

The results of earlier experiments, which had shown
that low-energy discharges of short duration have to be
used for high-precision spark machining, were made
use of in developing a number of machines for this
application at Philips Research Laboratories. Two
main types of machine were developed: high-precision
spark machines proper, in which the emphasis is on
machining accuracy, and high-speed spark machines,
which can give high machining rates. In addition to
these we shall also discuss a number of machines which
have been derived from the above types and adapted
for special applications. All the machines are fitted with
a very sensitive control system for displacement of the
electrode. This system, which is controlled by the actual
spark process, keeps the width of the spark gap accur-
ately constant. By this means and by choosing the
pulse shape and frequency that are most suitable for
each case an excellent balance can be achieved between
accuracy and machining rate.

Between them, the machines can tackle a very w1de
range of operations, from making 0.005 mm diameter
holes in metal foil 0.05 mm thick to cutting holes with
a cross-section of 50 mm? in tungsten carbide or
hardened-steel punch plates. Some of these larger
machining operations can in fact be performed by
spark-erosion machines at present available commer-
cially, but our machines compare very favourably be-
cause of their short machining times and efficient de-
sign.

A small grinding machine that we developed for
making the sometimes extremely small tool electrodes
has proved indispensible: with this grinder a tungsten
rod of 1 mm diameter can be ground down t6 a 4 pm
diameter electrode in about twenty minutes.

The high-precision spark machine

The high—precisiqn spark machine, which is shown in
the schematic diagram of fig. 6 and the photograph of

[8] H. Schierholt, Thesis, Aachen 1964.
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pulse. A discharge started 10 ns after the beginning of the pulse,
followed by a voltage drop within 10 ns from the breakdown
voltage (50 V) to a value of 20 V which remained constant for
the rest of the discharge. The power during the discharge was con-
stant at 20 W.

It was now important to find out how much of the power was
dissipated in the workpiece and how much in the electrode, and
also how the conversion of electric energy to heat varied as a
function of place and time. Since the wear ratio S (= electrode
wear/workpiece wear) in the particular equipment is a good
indicator of the division of power between the workpiece and the
electrode (since the shape of the two electrodes and the material
of which they were made, which might affect this division of
power, were identical), S was first measured as a function of the
pulse length ( fig. 19a). In the area under consideration the wear
ratio is found to increase with the discharge time.

The amount of power dissipated in the workpiece can be cal-
culated from S as follows: .

=1-=8P, . ......
where P is the (constant) discharge power (20 W).

To calculate the effect of a discharge the power density also
has to be known. Although the power is constant during the
discharge, the cross-sectional area of the discharge path increases
with time. It can, however, be assumed that this area is the same
for both electrode surfaces, and that it is equal to the cross-
sectional area of the craters that are formed. We therefore meas-
ured the crater diameter as a function of the energy of the pulse
by employing trains of pulses of different durations. The cross-
sectional area of the dischargé path at any moment during the
discharge can be derived from the resultant curve (fig. 194), so that
(with the aid of equation 1) the change in the amount of power
dissipated in the workpiece per unit of surface area during dis-
charge can be calculated (fig. 19¢).

The heat developed at the surface is conducted into the work-
piece and melts or vaporizes the metal down to a certain depth.
An important piece of information derived from the experiments
is that the diameter of the very small craters is considerably larger
than their depth (d// = 10). This means that the model we
should use for this heat conduction problem is not that of a
point source of heat but rather that of a flat heat source of infinite
extension, from which heat is conveyed in a direction perpen-
dicular to the metal surface [10] {11],

It is possible to use this model and the curve of fig. 19¢ to
calculate the temperature as a function of place and time (121,
This involves a great deal of computation, however, and since
the main thing we are interested in is whether or not the surface
of the workpiece is raised to its melting point under the condi-
tions used for the sparking process, we can apply the following
simplification. After 30 ns (a normal pulse duration) the power
is 1.4 W/um?2. If we now assume that the heat flow at the sur-
face (x = 0) has been equal to this value (Fg) during the entire
discharge between 10 and 30 ns, then the temperature should
increase as a function of time:

T(r),-o=3§9 g )

where 4 is the thermal conductivity of the metal and a = A/oc,
the temperature equa]ization coefficient (¢ is the density, ¢ the

[101 A, 'S. Zingerman, Soviet Phys. Solid State 1, 255, 1959.

(11} J. H. Leemreis, private communication.

(121 H. S. Carslaw and J. C. Jaeger, Conduction of heat in solids,
Clarendon Press, Oxford 1959, pp. 75-76.

1131 The function in square brackets (the function ierfc, which is
important in error theory) is tabulated in [12) for the argu-
ment x/V4a t=u.
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. specific heat). For a discharge time of ¢+ = 20 ns,. T is found to

be about 17 000 °C. This is in fact far higher than the boiling
point T (3000 °C), so that we are compelled to correct the
specific heat ¢ for the latent heats of fusion m and vaporization v
and make a fresh calculation. This corrected specific heat is then
approximately equal to:

m+ v

¢ =c+ (= 2510 J/kg°C) (€))
Recalculation of the temperature for x = 0 after a 30 ns pulse
yields T = 7200 °C, a value which is also considerably 'hig'hegr
than the boiling point.

Our next step consists in calculating the depth to which the
metal vaporizes. For a constant heat flow Fp we have [13];
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Fig. 19. a) Wear ratio S as a function of the pulse duration tp
for two steel electrodes using the discharge waveform shown in
fig. 18. The dielectric fluid was de-ionized water. The electrode
from which more material was removed (the “workpiece™) in
this experiment was the electrode connected as the anode.
b) Cross-sectional area A of the discharge path as a function of
the energy E per discharge. ¢) The power dissipated in the anode
per unit surface area as a function of the pulse duration.
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The various laboratories that contribute to the research
effort of the Philips Group of Companies include the
Laboratoires d’Electronique et de Physique Appliquée,
which are situated near Paris. Their organization differs
to some extent from those of the other cooperating
laboratories, their research programme shows striking
individualities, and their buildings are also highly indi-
vidual in their architecture.

This issue of our journal is entirely devoted to the
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work of these French laboratories. As in similar issues
in the past, devoted to the laboratories in Germany and
England, an introductory article by the Director of the
Laboratories sketches their history and gives a broad
review of the work accomplished and in progress. This is
Sfollowed by a series of articles, written by members of the
Laboratories, on special topics of current research. The
editing of these articles has largely been carried out by
members of the staff of the Laboratories.

The Laboratoires d’Electronique et de Physique Appliquée
at Limeil-Brévannes near Paris

Origin — Function — Activities

C. Ducot

Origin

In 1948/49 a number of laboratories interested in
advanced techniques related to electronics and applied
physics were brought together under the direction of
Professor G.-A. Boutry in premises at 23 Rue du
Retrait in Paris.

The first nucleus of what was to become the Labor-
atoires d’Electronique et de Physique Appliquée con-
sisted of an Electron Tube and Vacuum Technique di-
vision, a Special Circuit division, mainly concerned with
research on television, an Optics division and a small
workshop, and these were soon joined by a Microwave
Circuit division and a team of theoreticians. This
modest undertaking was supported financially by
several French companies of the Philips Concern,
which also provided most of the general services re-
quired.

In 1950 it was felt that the time had come to unite
these laboratories in a single research enterprise with
its own more substantial general services, including
administrative departments, stores, a design office and
a mechanical workshop. This reorganization also per-
mitted an integration of the research topics and a

_coordination of the auxiliary services required by the
individual laboratories.

C. Ducot, ancien éléve de I'Ecole Polytechnique, Director of the
Laboratoires d’Electronique et de Physique Appliquée, Limeil-
Brévannes (Val-de-Marne), France.

Thus on 4th September 1950 the Société Anonyme
“Laboratoires d’Electronique et de Physique Appli-
quée” was formed, with a total staff of about 100 people.
The shares of this Company — popularly abbreviated to
“LLEP” — are now held by the Société La Radiotech-
nique, the Société Télécommunications Radioélectri-
ques et Téléphoniques, the Compagnie Francaise
Philips and its subsidiaries Hyperélec, Philips Industrie
and Philips Matériel Electronique Professionel.

The organization of LEP has always been rather
unusual since its earliest days. In other comparable
research laboratories the management usually consists
entirely of representatives of the participating com-
panies; but the Board of Management of LEP differs
in that it includes a strong university representation.
This assures good communications with the universi-
ties and at the same time gives an orientation towards
the fundamental problems of physics.

Function

The function of the Laboratories is determined to a
large extent by the nature of their organization. Before

- looking more closely into this function, we should
" perhaps consider what we understand by research.

In the past — and here we mean the period before
the scientific and technological explosion of the last
fifty years or so — a clear distinction conld be made
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between pure research and applied research.- Pure

research was intended to increase human knowledge

and was generally found in the university, whereas
applied research was intended to advance technology
and was generally found in industry.

Today the situation is different. On one hand, the
advancement of scientific knowledge now calls for
facilities so elaborate and expensive that they can only
be acquired by appealing to the economic motivations
of industry or the political motivation of national
prestige. On the other hand, technical progress now
requires such a great total of knowledge that research
which is apparently unconnected with any practical
objective may well provide the quickest path to the
resources of nature.

In such a situation it is becoming more and more
difficult to distinguish any kind of boundary be-
tween pure and applied research, and the role of an
industrial research organization such as LEP can no
longer be located at some point of a graduated scale
with “theoretical purity” at one end and “practical
usefulness™ at the other. More appropriately, the cri-
terion for defining this role should be derived from the
stages of evolution between initial research and indus-
trial production. These stages are:

a) “Basic” research which, although its direct object

" is the increase of knowledge in a certain field, is
already oriented by some indication of possible
future applications. This stage extends as far as the
demonstration that a given effect is capable of
producing a given result.

b) Product-oriented research, which aims at obtaining
a component, device or piece of apparatus that
fulfils prescribed functions. This stage normally
ends with samples or an experimental device which
have not yet been subjected to all environmental
conditions, reliability tests, etc.

c) “Development”, which aims at designing a compo-
nent, device or equipment fulfilling the same
functions in a defined environment and with guar-
anteed reliability. This stage ends with a prototype.

d) The study and implementation of production meth-
ods for making products equivalent to the proto-
type as economically as possible.

Of course, these stages are not always so distinct as
this scheme would suggest. Nevertheless it can be seen
that in none of them is the research completely ¢“pure”,
and that the theoretical disciplines predominate in
the first stage but progressively give way in the later
stages to more technical activities.

It is probably fair to say that the functional purpose
of an industrial research laboratory is to :be found in
the first and second of these four stages. There are
exceptions: for example, the study of a new product
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that derives from a particular technique already well
established in industry will obviously be carried out in
the development laboratory attached to the appropri- -
ate factory. With completely new techniques, on the
other hand, it may be necessary to begin pilot produc-
tion in the research laboratory if the factory does not
yet have the necessary equipment and the staff to oper-
ate it. And in the end, the technical requirements of
quahtity production may even affect some of the ob-
jectives at the first stage, fundamental research it-
self. :

In accordance with both the general description
given above and the organizational environment of
LEP, the work undertaken there can be divided into
three main categories with different kinds of support:
a) Basic long-term research (over a minimum period
of 5 years), which is not necessarily directed towards
any specified product but because of its expected im-
pact on future applications may be backed by large
associated Companies or by a main Product Division.
b) Research coming within the general programme of
the Laboratory but already of more direct interest to
one or other of its associates with a specific end in view
and, of course, supported by that associate. The work
involved covers a shorter period (1 to 3 years). Work of
this type is in particular done for R.T.C. La Radiotech-
nique-Compelec on components. Work on equipment
and systems is supported chiefly by the other asso-
ciates, which now include a division of the Société
d’Etudes et de Réalisations Nucléaires (S.0.D.E.R.N.),
specializing for example in nuclear or space techniques
that are not suitable for quantity production.
¢) Advanced studies within the competence of the
Laboratory, commissioned and subsidized by State
organizations such as C.E.A. (Commissariat 3 I’Energie
Atomique), S.E.F.T. (Section d’Etudes et Fabrications
des Télécommunications), C.N.E.S. (Centre National
d’Etudes Spatiales), L.R.B.A. (Laboratoire de Recher-
ches Balistiques et Aérodynamiques), and O.R.T.F.
(Office de Radiodiffusion-Télévision Frangaise), with
a view to well-defined applications. This work is
arranged by contracts, usually for periods of 1 to 2 years,
which are often renewed if the first results show suffi-
cient promise. In this category we should also mention
the support received from certain organizationsset up to
promote research, such as D.G.R.S.T. (Délégation
Générale a la Recherche Scientifique et Technique),
D.R.M.E. (Direction des Recherches et Moyens
d’Essais) and the Délégation & I'Informatique.

The scientific and technical specialization of the
Laboratories was determined at the outset by the
particular capabilities of the research teams and by the
general trends which were then becoming apparent in
electronics and applied physics in industry. This
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the electronics and applied physics of today:

a) The previously exclusive domains of vacuum elec-
tronics are fast yielding to solid-state effects and solid-
state devices.

b) Previously unconnected research topics give rise to
cross-fertilization and sometimes lead to projects in
which there are contributions from two or more
technologies. .

This does not mean that vacuum-tube electronics is
undergoing a technical eclipse. Although semiconduc-
tors are encroaching on its traditional preserves, there
is no shortage of new applications for the vacuum
tube. Examples are the industrial applications of neu-
tron tubes, image pick-up tubes, image converters or
intensifiers, electronic shutter tubes for high-speed pho-
tography, and high-performance oscilloscope tubes.

With regard to outside contacts, relations with the
large national organizations mentioned earlier have
been intensified and extended. This is particularly
relevant for some of the activities of great topical
interest such as space research. In this field new rela-
tions have been established with European organiza-
tions such as ELDO (European Space Vehicle Laun-
cher Development Organization), and ESRO (Euro-
pean Space Research Organization). Such contacts
and cooperative arrangements with large organiza-
tions are usually established either by LEP alone or in
connection with its associated Companies, depending
on the relative amount of true research involved in a
project.

On the other hand, excellent relations with the
Philips Research Laboratories in Eindhoven and other
associated laboratories in various European countries
give LEP access to numerous technologies whose de-
velopment is not directly a part of the research activ-
ities at LEP. One particularly valuable aspect of these
relations is the systematic exchange of personnel be-
tween these laboratories. There are of course cases
‘where an open exchange of information is ruled out by
the confidential nature, for one reason or another, of
the work. It is relatively seldom, however, that any
such obstacle is placed in the way of the exchanges
relating to the demonstration or interpretation of fun-
damental physical effects —and these are probably the
most fruitful contacts of all.

Finally, in keeping with the motives that led to their
foundation, our Laboratories have always had a close
contact with the science faculties of the universities,
and in recent years such contacts have also been ex-
tended to other organizations. Thus, apart from the
long-standing cooperation with the Conservatoire Na-
tional des Arts et Métiers and with various schools of
technology, joint research projects have been under-
taken with the Faculté des Sciences of Lille, the
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Institut Pédagogique National, the Faculty of Medi-
cine of Strasbourg University, to mention only a few.
Some results obtained in the various fields of research

It is not easy to set down the full range of LEP -
activities, past and present, in a logical sequence, since

"the various paths branch, cross, or merge at many

points — which in itself is a desirable situation. The
schematic representation is therefore more like an
interlacing pattern than a line.

On this account, the order in which we shall describe
some of our work and the results obtained is rather
arbitrary. Obviously, there is not the space here to give
a full account or even a summary of all the work done
by the Laboratories. What we have done is to pick out
a few representative items in the hope that they will
illustrate the interconnection between the subjects
described in more detail in the articles which foliow.

1) Work on the photoelectric effect in vacuum tubes
and on photomultipliers in particular began not long
after the foundation of LEP, and has continued to grow
ever since. In the initial work, new techniques were
examined and put into practical use, and at the same
time studies were made of the physical principles
involved in the design and operation of the tubes.
The present work has two main objectives: the achieve-
ment of even better values for the sensitivity, gain,
speed of response and geometrical dimensions for ex-
isting types of tube, and the design of completely new
types of tube.

This research work is followed by development
and production at associated establishments (R.T.C.,
Hyperélec) of many tubes which are of particular
importance for applications in experimental and nu-
clear physics. These tubes have already assured LEP
and the associated Companies of a strong position
in the European and American photomultiplier mar-
kets. In the list of references at the end of the article
there are several relating to the results of our work in
this field: first-generation photomultipliers {2], de-
sign and characteristics of modern photomultipliers [3],
fast-response photomultipliers for experimental phys-
ics 141, and the study of the photoemissive properties
of alkaline layers 5],

The two recent developments in this field are the
“transfer technique’” and the introduction of new
types of electron multiplier into photoelectric devices.
Dealing first with the transfer technique, this is a
method for activating photocathodes and assembling
the tube under vacuum. The new types of electron mul-
tiplier which are used with the photoelectric devices
are 1) a secondary-emission multiplier using bundles
of extremely thin channels giving more or less “point-
by-point” electron multiplication (our work on this
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device is carried out in close cooperation with our
colleagues at Mullard Research Laboratories); and
2) a semiconductor multiplier, which in fact is identical
with the newly developed detectors for fB-rays (fast
electrons): the multiplication in this case is due to the
fact that each electron liberates a number of charge
carriers that is substantially proportional to its energy
of arrival.

A short description of these notable developments
will be found in two articles in this issue [61(7],

These recent technical developments enable a
whole range of new tubes to be produced: image
converters, electronic shutter tubes for high-speed
photography, image intensifiers for viewing at very
low light levels or for the observation of extremely
rapid phenomena, photoelectric counters using solid-
state multipliers which give good discrimination be-
tween pulses involving different numbers of primary
electrons, something which was hardly possible with
conventional secondary-emission tubes.

2) The programme of work on microwave tubes at
LEP has been carried out in two phases with quite
different subjects: velocity-modulated power tubes and
travelling-wave cathode-ray tubes.

During the years 1957-1962 multi-cavity klystrons
were developed that were suitable for high powers and
large bandwidths. The special feature of these tubes
was that the beam diameter was made appreciably
smaller than the diameter of the drift tubes. This
reduced the possibility of current losses at intermediate
junctions and also of “multipactor” effect. The meth-
ods of construction required the use of glass-to-metal
seals up to powers of 2 kW and ceramic-to-metal seals
at higher powers (8],

After 1962 we turned our attention to very wide-
band cathode-ray tubes (d.c. to several gigahertz). In
these tubes the signal is coupled to the electron beam by
means of a travelling-wave delay line. The main appli-
cation of such tubes is for the real-time display of very
short non-recurrent signals, a facility which is particu-
larly useful in studying the physics of the elementary
particles. In applications such as this the usual sampling
techniques frequently cannot be used, since it requires
recurrent signals. The present state of this work is de-
scribed in another article in this issue [91; the tubes have
been put into production by R.T.C.-Hyperélec.

3) Television has been the subject of almost con-
tinuous — though highly diversified — research at
LEP right from the beginning.

The earlier work was mainly on colour television
and was not only concerned with the actual systems
but also extended to the underlying physical and phys-
iological principles of colour television. The peak of
these activities was reached in 1957, with a number of
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contributions to the international Colloquium on the -
physical problems of colour television held in that year
which were published in Acta Electronica [10]; the
“double message” system developed earlier has been
described elsewhere [11],

Other television problems were then tackled by LEP,
particular attention being paid to transmission and
camera systems, and equipment for outside-broadcast
work. We can quote some of the results achieved in
this field: :
a) A two-standard camera (1960) which scans the same
scene simultaneously in 819 lines and 625 lines [12)13],
b) Various cameras for outside broadcasts, in which .
the latest advances in circuit technology have been
applied to achieve ease of handling, versatility, inde-
pendence in operation and good coordination of several
cameras from one central unit14l. Some of the special
features are:

A UHF link between cameraman and central unit, so
that no connecting cable is required.

An automatic intersynchronization system for the
cameras, controlled from the central unit. »

A directional aerial with a device for automatic
training, eliminating echoes and unwanted multipath
effects.

All these circuits have, of course, been progressively
transistorized and miniaturized as the various devel-
opments in circuit techniques became available.

The successive versions of this equipment, developed
in conjunction with O.R.T.F. and put into production
by T.R.T., have been used for events which mark the
stages in the development of outside-broadcast work,
from the inaugural voyage of the ocean-going liner
“France” in February 1962 up to the 24-hours race at
Le Mans in September 1968.

4) There is also an important and varied activity at
LEP on the subject of microwave beam links for zele-
communication. This work is carried out for and in
conjunction with T.R.T. o

Between 1950 and 1957 the work was concerned with
“line-of-sight” links (fig. 3). This work was initially
based on the multi-reflex klystron developed by F.
Coeterier at Philips Research Laboratories in Eindho-
ven [181026], At that time this was the only tube capable
of delivering a continuous-wave output of 10-15 W at
3400 MHz with a good efficiency (more than 20 %).
The later work made use of triodes for 4000 MHz, and
important contributions were made to a series of
microwave television links developed by T.R.T. These
links are now widely used in France and abroad [171 [18],

In the meantime work began in 1956 on tropospheric-
scatter radio links, and various studies and systems
made between 1958 and 1964 have been described [19],

At present the research on microwave beam links is
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5) The first study of the conversion of radiant energy
into electrical energy by means of semiconductor de-
vices was made between 1955 and 1961, with a series of
investigations into silicon photovoltaic cells and batter-
ies for terrestrial applications. The decision to use
“N on P’ structures was made right at the start of the
work at a time when the “P on N structures were still
generally advocated. The industrial development and
production was carried out at R.T.C. )

A survey of this work has been published in Acta

Electronica [21], After 1963 the work was continued

with'a special study of silicon solar batteries for space

applications, in which the requirements for efficiency,

weight, dimensions and ambient conditions are of
course rather exacting. Another programme related to
space research was a study of cadmium telluride cells,
which was made to give support to production activ-
ities. As a result of all this work, R.T.C. now have a
range of solar batteries that will meet various special
requirements for both terrestrial and space applica-
tions and have beenchosen as the supplier for equipment
such as pick-ups, horizon sensors and solar batteries for
several space vehicles (the satellites D1C, D2, TD,
ESRO 11, the Eole project, etc.). The net efficiencies
achieved are between 109 and 119% with silicon,
taking the losses due to encapsulation, filtering, etc.,
into account. :

6) The detection of radiant energy by means of solid-
state devices is another subject on which a great deal
of varied work has.been done at LEP. This work has
mainly been concerned with the photovoltaic effect in
semiconductor junctions — i.e. in fact the same effect
as energy conversion. It is clear, however, that the
detection of weak signals, in which the information
contained is the essential feature, requires the para-
meters to be optimized in quite a different way from
that used in energy conversion.

Two characteristics of solid-state radiation detec-
tors that have been specially studied at LEP are their
speed of response and their infra-red sensitivity. The
investigations into speed of response have been and
continue to be made with silicon and germanium
photodiodes. The response times, which were a few
nanoseconds until a few years ago, have now been
reduced by an order of magnitude, and efforts are being
made at the same time to increase the gain by making
use of the avalanche effect in the semiconductor.

The work on sensitivity has not been confined to the
near infra-red, to which silicon and germanium are
sensitive, but has also extended to longer wavelengths
(4 and even 10microns). At these wavelengths it is
possible to work with the thermal radiation from bod-
ies at the ordinary ambient temperature. More recent-
ly, the work has extended to wavelengths up to 15
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microns, which areAparticularly suitable for the hori-
zon-scanning devices that can be used to stabilize the
attitude of satellites. At these long wavelengths it is
often necessary to resort to bolometric types of detec-
tor, since the energy gap which a junction detector
must possess in order to respond to a 15 um photon
is so small that the detector can only be used at ex-
tremely low temperatures, which are not desirable in
space-vehicle applications. On the other hand, at
about 3 or 4 microns the indium antimonide or arse-
nide junction detectors made in our Laboratories give
satisfactory results at the temperature of liquid nitro-
gen, which is acceptable for many terrestrial applica-
tions, in particular for infra-red viewing [22].

7) The subject of infra-red viewing is one that links
with the preceding one at many points and has been
worked on at LEP for a number of years.

There are two main approaches:-

a) “active” viewing, in which the scene is illuminated
by invisible infra-red radiation from a special source to
produce an image which is made visible by methods like
those used in television;

b) “passive” viewing, in which the normal thermal ra-
diation from an object is used to produce an image.

Two types of camera tube based on the vidicon prin-
ciple have been developed for active viewing. One type
has a photoconducting target of lead oxysulphide on
a silicon substrate, the other has a target consisting
of a mosaic of germanium junctions [23],

Electronic-scanning cameras  using these tubes
have been built, first at LEP and later at T.R.T. These
cameras can be used for active viewing, and also of
course for passive viewing of objects that are suffi-
ciently hot (e.g. at temperatures higher than 150-180 °C).

For passive viewing we have developed equipment
with point detectors for wavelengths of 4 or 10 mi-
crons and an opto-mechanical scanning system. This
equipment can be used to display a “thermal map” of
an object at normal temperatures (fig. 4). This tech-
nique, known as thermography, provides a new valuable
means of investigation for medical and industrial
purposes [24],

A device intermediate between the two-dimensional
target and the point detector for infra-red viewing has
also been studied at the Laboratories. This is a linear
array of point cells (a “barrette’”), where only the slow
scan (the field scan) has to be provided by mechanical
systems and the fast scan (the line scan) is provided by
means of electronic switching.

In connection with these investigations, various types
of infra-red objective lense have been designed. These
are described in an article in this issue [25] and in the
last article under [26], .

A number of fairly detailed articles about infra-red
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and at the same time has devoted an ever increasing
effort to single-crystal techniques, both for semicon-
ductors and for optical and electro-optical materials.
A number of older publications dealing with this work
are listed in the Bibliography [331[37)(38], and some re-
cent results are described in articles in this issue [391(40],

12) Finally, we should mention several technological
studies which qualify as research activities. These include
various sealing techniques, high-precision machining,
the mechanical treatment of fragile materials and ultra-
high-vacuum technique. Three items in this issue relate
to these activities [411(42](43],

Conclusions

As we said above, the material presented in this
article should not be considered to give a complete or
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even a summarized account of the activities at LEP.
The items selected are purely representative, and are
intended to introduce the Laboratoires d’Electronique
et de Physique Appliquée to the reader and to bring the
work described in this issue into its proper context.

We hope too that what we have said will make it
clear that the work of our Laboratories, like the work
of any other research laboratory, is always located in
the region where the already possible meets the not yet
achieved; such work will always include an element
of prediction or even inspired guesswork. At a time
when techniques are evolving as rapidly as they are
today, this situation for the research scientist is the
origin of both his strength and his weakness, but if he
is really worth his salt, it can only invigorate his en-
thusiasm and tenacity.
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Summary. Introductory article for this issue which is devoted
entirely to LEP. After a brief account of the historical develop-
ment of the Laboratories, which were set up about 20 years ago,
a general account is given of the function of an industrial research
laboratory. The article then looks more closely at the nature and
function of LEP, and also at the organizational pattern within
which the Laboratories operate. The field in which the Labora-
tories make most of their contributions lies in the border

.

regions where electronics and optics meet, with particular |
attention being paid to photoelectricity (photomultipliers,
photodetectors, solar batteries, etc.), television, microwave
tubes and systems, infra-red viewing, data processing, fast
electronics and electro-optics. A brief survey of representa-
tive items from recent work at LEP is included; an extensive
bibliography gives a more complete picture of the work done by
LEP during the last few years.
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Some surface properties of pure alkali metals

G.-A. Boutry and H. Dormont

The development and improvement of photomul-
tipliers has always been one of the more important
activities at LEP. Certain characteristics such as the
speed of response, the fluctuations in the amplitude of
the output signal, the collection efficiency of the elec-
tron optics, etc. are determined by physical phenomena
whose mathematical analysis is sufficiently advanced to
make them amenable to calculation. However, this is
not the case for the quantum efficiency and the spectral
sensitivity of the photoemissive surfaces: the photo-
emissive effect, which is undoubtedly the longest-
known quantum effect, is still not well understood nor
completely mastered. The story of the discovery of the
best photoemissive layers and their improvement is
one of successive empirical experimentation. It is
difficult to reproduce rather similar photoemissive lay-
ers by means of conventional vacuum technology.
Although there is considerable literature on the sub-
ject, with many reports of measurements, the comp-
arison and collation of these measurements yield con-
fused results. In short, no coherent theory of the
photoemissive effect appears as yet to exist. And if
such a theory did exist, the existing results are not
really adequate for experimental verification.

The advent of ultra-high-vacuum techniques has
changed this situation. If we assume that the difficulties
of reproducing surface properties are due solely to
contamination by molecules of theresidual atmosphere,
then we might expect that a surface exposed to a resid-
ual pressure of 10-10 torr will become contaminated
10 000 times more slowly than a surface exposed to a
residual pressure of 10~ torr (as in ordinary thermionic

valves). Experiment confirms this assumption. Thus

when lithium is rapidly evaporated in an atmosphere
with a residual pressure of 10-7 torr on to a substrate
so arranged that the secondary emission of the resultant
deposit can be measured immediately, the measured
coefficient of secondary emission increases from about
0.8 immediately after evaporation to 1.5 in 15 min-
utes [1), whereas in the present article we shall see that
below 10-10 torr the surface properties of alkali metals
generally remain stable for at least 10 hours or so. It

Dr. H. Dormont is with the Laboratoires d’Electronique et de
Physique Appliquée, Limeil-Brévannes (Val-de-Marne), France.
Dr. G.-A. Boutry, formerly Director of these Laboratories, is
a Professor at the Conservatoire National des Arts et Métiers in
Paris.

seemed, therefore, that the time had come to try and
collect definite experimental results that could form an
experimental basis for some future theory for the
photoemissive effect. )

It was obviously not suitable to start these new
investigations by investigating photocathodes of the
types usually used in modern vacuum devices; in fact
these photocathodes consist of layers of complicated
structure and composition, formed by successive evap-
oration of various elements (antimony, various alkali
metals) sometimes followed by oxidation or systematic
doping and always accompanied by annealing. It was
necessary to start with the simplest possible photo-
emissive surfaces, those of the pure alkali metals. These
metals, which crystallize to form a body-centred cubic
structure, have such a loose electron-lattice coupling
that the material may be said to resemble a gas of
quasi-free electrons; as a result of the low bond strength
photoemission takes place in the visible and near ultra-
violet part of the spectrum, which simplifies measure-
ments. There is also an important technical advantage in
using the alkali metals since it is possible to prepare
very pure layers of these metals by evaporation in
vacuo. Some details of this process will now be dis-
cussed. '

The vapour pressures of the alkali metals are very
high compared with those of the elements in the adja-
cent columns of the periodic table. Nevertheless, at a
given temperature, the vapour pressure decreases reg-
ularly from caesium to lithium so that if it takes an
hour with a particular equipment to obtain a 3 pm
thick deposit of caesium by evaporation at a tempera-
ture of 110 °C, it is necessary to raise potassium to
a temperature of 160 °C, rubidium to 125°C and fi-
nally sodium to over 230 °C to obtain layers of the
same thickness in the same time. Now all the alkali
metals attack glass, particularly the commonly used
glasses which belong to the family of borosilicate
glasses; and as with all chemical reactions, the rate
of attack increases steeply with temperature. It turns
out that the range in which some compromise tem-
perature can be found is quite large for caesium,
adequate for rubidium, small for potassium, but would
disappear altogether for sodium unless special glasses
with certain chemical properties are used for this metal.
(11 Private éommunication from M. Blanchet of CEA, Saclay.
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Experiments carried out up to the present have
consequently only made use of caesium, rubidium and
potassium. The caesium was prepared at LEP either
by reducing the dichromate with silicon, or by reducing
the chloride with calcium in vacuo (Hackspill’s method).
The potassium was obtained in ampoules from two
different suppliers, as also was the rubidium. In all
cases the alkali metal was degassed and purified by
carrying out several reflux distillations in vacuo. Only
after this series of operations was it introduced into
the experimental equipment, heated, evaporated and
deposited on a plane polished glass surface, held at
a temﬁerature of 77 °K by liquid nitrogen. Through-
out these operations the pressure in the enclosures
never rose above 10-10 torr. Layers several microns
thick were deposited at an apparent rate of 2 or 3
monomolecular layers (“monolayers™) per second.
The experimental process was thus the same for all
three metals; the only differences were inthe evaporation
temperatures and in the aperture of the diaphragm
limiting the beam of molecules.

As soon as the preparation of a layer was finished,
its photoelectric spectral sensitivity at an angle of
incidence of 45° was measured, first with natural light,
and then with light polarized a) perpendicular and
b) parallel to the plane of incidence. The results are
summarized in figs. 1, 2 and 3 (the differently marked
points on these figures correspond to different cells).
The spectral sensitivity curves in these figures have
been normalized to bring all the maxima to unity.
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Fig. 1. Spectral sensitivity characteristic of solid caesium at
77 °K. Thickness of layer 3.0 & 0.2 um. The photoelectric
current (in arbitrary units) per unit incident energy is plotted
against wavelength A. )
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Fig. 2. Spectral sensitivity characteristic of solid potassium,
asin fig. 1.
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Fig. 3. Spectral sensitivity characteristic of solid rubidium, as
in fig. 1.

With the conditions that we used it was always
found that the reproducibility of the results was
excellent from layer to layer. Extrapolation by Fow-
ler’s method of the results obtained allowed the
true photoemissive thresholds and the corresponding
work functions to be determined (Table I). The scatter
of the measured results appears to indicate that the
uncertainty in the value of the work function was never
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Table 1.
threshold work function
nm eV
Cs 589.0 2.14
Rb 560.0 2.21
K 519.5 2.39

greater than 0.05 eV and had a probable value of the
order of 0.02 eV. It will be observed that the work func-
tions listed above are considerably higher than those
found in the literature; since the last previous deter-
minations for alkali metals were made in 1956, the
difference is not particularly surprising. It does not
seem unreasonable to assume that our determinations
come very close to the real values for the pure metal.

We have already stated that the photoemissive prop-
erties of the layers were studied in polarized and unpo-
larized light. In the publications dealing with this
subject it is generally accepted that with alkali metals
there is a selective effect which makes itself apparent
in two ways:

a) A spectral selectivity, which gives a photoemission
maximum very close to the photoemissive threshold
when the incident light is polarized so that the
electric field vector is in the plane of incidence. This
property is only observed for alkali metals (for all the
others the spectral sensitivity increases slowly and
nearly linearly with the frequency so that any max-
imum is in the far ultra-violet).

b) A vector selectivity, which makes the effect just de-
scribed disappear completely when the plane of
polarization of the incident light is rotated through
90°.

While our experiments confirm the existence of se-
lective phenomena, they showed that the spectral se-
lectivity and vector selectivity may not be two aspects
of a single phenomenon but two distinct phenomena
which do not have the same causes. In fact, our polar-
ized-light experiments have always yielded curves
showing a very definite spectral selectivity, whatever the
orientation of the polarization plane, for all three
metals, if the layers were formed at and maintained at
a temperature of 77 °K. Although the height of the
maximum varied from one layer to another or from
one polarization to another by some 30 %, the normal-
ized curves could all be superimposed on one another.
This is demonstrated by fig. 4 for potassium. There was
thus every indication of a spectral selectivity in these
conditions while the vector selectivity was not very
marked. The wavelengths at which the maxima were
obtained are given in Table II.

In view of these results we next carried out experi-
ments based on the following cycle, paying special at-
tention to the particular case of potassium.
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Fig. 4. Spectral sensitivity characteristics (photocurrent in
wA/watt as a function of 1) of a layer of potassium at 77 °K in
natural light (@) and in polarized light with electric vector
parallel to (b) or perpendicular to the plane of incidence (c).

Table II. Wavelength at which the photoemission maximum is
obtained for different pure alkali metal layers.

Measured Values quoted
values in literature [*]
nm nm
Cs 505.0 540.0
Rb - 467.5 475.0
K 425.0 439.0
Na — 352.0

[*1 These va]uAeaere measured before 1936.

1) The layer was deposited on a substrate maintained at
77 °K and the photoelectric sensitivity was deter-
mined: the results were like those shown in figs. 2
and 4.

2) The target on which the layer was formed was heated
from 77 °K to 195 °K. Immediately after heating
the photoelectric sensitivity was again measured for
the two directions of the electric vector. The results
obtained are reproduced in fig. 5. It will be seen that
the shape of the spectral sensitivity curves, which
are very reproducible, differs markedly from that
obtained at 77 °K: as with the well-known vec-
tor selectivity there is no maximum except when the
electric vector is in the plane of incidence. It will
also be seen that although the thresholds are the
same as those which we obtained at 77 °K, the po-
sition of the spectral-sensitivity maxima haschanged.
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~ Absolute micromanometers with diamagnetic levitation

R. Evrard

The instruments described here are designed to meas-
ure the very weak forces produced by the collision of
molecules in a high vacuum. It is known that the pres-
sure can be determined from these measurements, and
that the method is both absolute and passive, i.e. it
requires no previous calibration and the properties
of the residual gas remain unaffected.

The classical systems used for such measurements
generally contain a mobile-element assembly suspended
from a very thin torsion ribbon, which is of course
fragile and extremely sensitive to vibrations. The meas-
urement consists in establishing an equilibrium be-
tween the torsional couple of the wire and a couple
set up by the molecular collisions. The sensitivity can
only be increased by using an even thinner suspension
ribbon. The practical limit of this kind of device now
seems to have been reached, and such instruments are
not really suitable for measuring pressures below
about 10-7 torr.

At LEP we have now developed instruments that are
ten thousand times more sensitive. In these instru-
ments the mobile element is kept in free suspension
in the vacuum by magnetic levitation, i.e. there is no
mechanical link of any kind.

Unless a complicated control system is used, a stable
state of levitation can only be achieved with diamagnetic
bodies placed in a magnetic field of suitable configura-
tion and strength. In fact, graphite is the only material
whose susceptibility is high enough to give levitation in
practical fields. In our arrangement we use a very thin
disc of polycrystalline graphite (thickness 50 pm)
which is held freely suspended in a diverging magnetic
field of the order of 1 tesla (10000 gauss). (Pyrolytic
graphite, which can be kept in levitation with weaker
fields under certain conditions, is not used for reasons
explained below.)

The disc floats upright in the gap of an electro-
magnet whose field has circular symmetry about a ver-
tical axis. The disc can rotate’freely, without any me-
chanical damping, about the diameter coinciding with
the axis of symmetry of the field. The disc thus consti-
tutes an ideal mobile element, with a very low moment of
inertia, which rotates freely with no mechanical sup-

R. Evrard is with the Laboratoires d’Electronique et de Physique
Appliquée, Limeil-Brévannes (Val-de-Marne), France.

port at all. In the instruments described below, the
molecular bombardment causes a couple to act on the
disc, and this couple is proportional to the pressure.
The work performed by the couple, integrated over a
large number of revolutions, is measured by determin-
ing the change in the angular velocity of the disc. The
sensitivity can be very many times greater than with
static measurements which rely on the use of mechan-
ical suspension systems; with our instruments we have
been able to demonstrate forces of the order of
10-15 newton.

We have applied this principle in the design of
extremely sensitive instruments for passive and abso-
lute measurements of pressure. The measuring vessel
communicating with the evacuated space is situated in
the air gap of an electromagnet. The freely suspended
graphite disc is set rotating by means of a rotating
magnetic shunt, which is then removed. With the first
type of instrument, called a molecular gauge, we simply
observe a deceleration of the rotation, which is caused
by the molecular bombardment. If the nature of the
residual gas is known, the value of the pressure p can
be calculated as follows. Let H be the moment of inertia
of the disc, M its mass and R its radius. Then if Tis the
decelerating couple acting on the disc, it can be shown
that the angular velocity w of the disc is given as a func-
tion of time ¢ by:

do T 494 Rw

@ "B Tw b
where v is the mean velocity of the molecules of the gas.
We shall go no further into the derivation than to note
that the path described by each element of the disc is
always perpendicular to the plane of the disc, and that
the decelerating couple arises because a surface element
moving' towards the molecules undergoes more colli-
sions than the element at the opposite surface — which
is “running away”’ from the molecules. It is not very
important whether the collisions are completely inelastic
or not, and the purely kinetic description holds for all
practical purposes. The sensitivity of this type of
gauge is limited to 5x 1077 torr. .

The second type of instrument (fig. 1), which we call
a “thermo-molecular” gauge, is much more sensitive.
The disc rotates inside a cage of metal blades set at a
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The measurements are carried out automatically:
the rotating disc periodically interrupts a beam of light
falling on a photoelectric cell, and the pulses of current
are applied to a small computer. The computer gives a
direct indication of the value of the deceleration, which
is proportional to the pressure. The limit of sensitivity
is about 10-10 torr, but this could certainly be further
improved by at least an order of magnitude. As the
last paragraph implies, the sensitivity should in theory
increase with the duration of the measurement but
in fact it is limited by various parasitic forces not
related to the pressure. For instance, the heat source
emits infra-red radiation, which acts on the disc in
much the same way as the molecules and sets up a
couple corresponding to the “radiation pressure”. Al-
though this parasitic couple may at first sight appear to
be insignificant, if no precautions are taken it may
completely mask the thermo-molecular couple at pres-
sures below 10-8 torr. We have considerably reduced
this radiation-pressure effect by carefully choosing the
angle between the stator blades in such a way that the
distribution of the infra-red radiation over the disc is
made more uniform by the addition of the reflected
radiation (see fig. 3).

The other parasitic decelerations, which are caused
by imperfections in the symmetry of the field, can be
neglected. They are much weaker than the decelera-
tions which arise when pyrolytic graphite is used. This
monocrystalline variant can be kept floating with rel-
atively weak fields, but only when particular configu-
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rations are used (a ring-shaped rotor in toroidal air
gaps). The moment of inertia of the rotor is then
higher, and the parasitic couples are rather large. At
the present time there are also other difficulties with
this arrangement. v

The great advantage of the methods of measurement
described above is the fact that they are passive. They
have virtually no effect on the vacuum to be measured,
unlike the ion gauge, for example. '

The micromanometers with diamagnetic levitation
are thus ideally suited for ultra-high-vacuum studies
where any interaction between the residual gas and the
measuring instruments should be strictly avoided.
Moreover, as “absolute” instruments they can be used
for calibrating other types of pressure gauge.

The instruments are now being manufactured by
R.T.C.-La Radiotechnique-Compelec.

Summary. The author shows how the use of diamagnetic levi-
tation has made it possible to design extremely sensitive pressure-
measuring instruments. A small graphite disc which is kept
floating in a magnetic field of circular symmetry can rotate freely
about its vertical diameter, which coincides with the axis of sym-
metry of the field. The disc is subject to a decelerating couple
caused by collisions with the molecules of the surrounding gas.
In one arrangement the random thermal movement of the mole-
cules is used; in a second arrangement, which is much more sen-
sitive, only molecular movements of suitable directions are effec-
tive owing to the use of a fixed stator with cooled blades surround-
ing the disc. Measurement of the variation of the angular veloc-
ity, i.e. the “work” done by the decelerating couples, enables the
absolute value of the pressure to be determined with an accuracy
of approximately 10~10 torr in the second case.
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The transfer technique,
a new method for actlvatmg cathodes of phototubes

R. Legoux

The procedures normally encountered in making
vacuum tubes of most types are the ‘actual assembly,
pumping, and degassing. If however the tube contains
a photocathode, then there is another process which is
absolutely vital: the activation of the photocathode, by
which an emitting layer of the desired photoelectric
properties at the surface of the cathode is produced.

In the existing well-known procedure this is achieved
by allowing the vapour of one or more alkali metals to
react in situ with other materialsin a carefully controlled
temperature cycle. The materials most commonly used
are antimony and silver in that order of importance,
and they are deposited beforehand or during the pro-
cess.

In this process the alkali metal vapour, as it diffuses
through the entire volume of the tube, frequently mod-
ifies the surface properties of the electrodes within the
tube by physical and chemical affinity, and this can
adversely affect the characteristics and performance of
the tube.

Another disadvantage of activation in situ is that

sources producing the substances required for the
operation have to be placed inside the tube, at places
where they do not impede its proper function, and
that they have to remain there throughout the life of
the tube. Because of their size, these sources prevent the
tubes from being made as small as desired, and the
production of modern tubes of great complexity and
miniature dimensions is made virtually impossible.

Finally, the basic characteristics of the resulting
photocathodes (such as overall sensitivity, uniformity of
the local sensitivity, and spectral sensitivity) and var-
ious other factors (production yield, repeatability)
frequently depend on the internal design of the tube,
since this design affects the diffusion of the molecules
during the activation.

All the difficulties that arise in the established meth-
ods of processing can be avoided by using a technique

in which a “transfer” is effected under high vacuum in |

a special enclosure [1] ( fig. I). This technique has the
following features:
1) The window F on which the photoemissive layer is

R. Legoux is with the Laboratoires d’Electronique et de Physique
Appliquée, Limeil-Brévannes (Val-de-Marne), France.

Fig. 1. Diagram of the equipment for activating photocathodes by
the transfer technique. The activation enclosure Ecan be moved
up and down and sideways, and fits against the window F to
form an almost closed space. After activation, E is swung aside
and the window and the main part Tof the tube are sealed together
by an indium pressure-weld (at J). The lower part of the tube is
moved upwards and forced against the window by the screw-
thread arrangement V.
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Photomultipliers and the transfer technique

J. Nussli

The improvement in the performance of photomul-
tipliers has long been an important activity in the close
cooperation between LEP and the Hyperélec works at
Brive-la-Gaillarde.

In its application as a detector of light the photo-

multiplier is almost unsurpassed in speed of response ,

and sensitivity, and on this account it is widely used for
observing the scintillations produced in transparent
materials by nuclear radiations. The photomultiplier
thus acquired considerable importance in nuclear in-
strumentation, both for industrial and laboratory ap-
plications, and it is of great value in general photo-
metric work. Since the requirements of the physicist
are continuously changing, it is necessary to maintain
a steady research effort, and in today’s situation with
new applications in fields such as space astronomy and
lasers there is plenty to be done.

The history of these activities and the characteristics
of this type of tube have been presented in an article
in the previous volume of Philips Technical Review [11,
We shall confine ourselves here to the important
contribution made by the transfer technique, a new
method for activating photocathodes (2], in this search
for ever better performance. The main virtue of the
transfer technique is that it reduces the dark current,
through an appreciable reduction in the field emission
due to alkali metal deposited on all the electrodes of the
photomultipliers.

This reduction in field emission also allows a more
adequate study of new designs that make use of high
voltages or high fields that could not easily be used
previously and can give improvement in characteristics
such as amplitude fluctuations and rate of response.

Conventional photomultipliers

In a conventional photomultiplier the signal from the
photocathode is amplified by an avalanche process at
a series of secondary-emission dynodes. To clarify the
new developments it is perhaps advisable to recapit-
ulate some facts already described in reference (11,

In most tubes the dark current is far greater than the
thermionic emission of the cathode; the thermionic
emission is always present, but as a rule forms only a
small part of the observed current. For many types of

J. Nussliy L. és Sc., formerly with the Laboratoires d’Electroni-
que et de Physique Appliquée, Limeil-Brévannes (Val-de-Marne),
France, is now with Hyperélec, Brive-la-Gaillarde (Corréze),
France.

tube the manufacturer is thus forced to adopt a “low-
noise” solution. The thermionic emission of ordinary
cathodes (SbCsz or Sb-K-Cs) is of the order of(
10 electrons per cm? per second. The main source of the
additional current is the field emisssion, produced not

-at the cathode, where the electric fields are weak, but

anywhere in the tube, at the irregularities and particles
of dust that can never be completely eliminated. The
electrons thus produced are rarely accelerated directly
towards the useful surface of a dynode, where they
would be multiplied by secondary emission. As a rule
they are accelerated towards other surfaces (the back
of a dynode, for example, or connectors or insulators),
where they produce light or soft X-rays. The light and
X-rays thus emitted may then reach the cathode or one
of the first dynodes, where they cause the emission of
photoelectrons or bunches of photoelectrons.

The considerable intensity of field-emission currents
emitted at surface irregularities (10-2to 1012 A) isdue
to the very low work function (typically 1.5 eV) of the
metal surfaces which have adsorbed a thin film of alkali
metal (especially caesium). This film, which is bound to
the metal by an affinity even greater than the affinity
that assures the stability of the photocathode, forms
because there has to be a high vapour pressure of alkali
metal in the tube while the cathode is being activated.
In the transfer technique this operation is carried out
in a subsidiary enclosure inside the bell-jar of the
vacuum equipment, and the vapour pressure of the
alkali metals always remains very low in the part of
the tube separated from the window.

We should mention a few difficulties that do arise
in applying the transfer technique. The film of alkali
metal deposited on all the surfaces does not have
an entirely negative effect since it also increases the
secondary emission of the dynodes. Consequently,
when the film is not present, the emission from the
dynodes is slightly reduced and somewhat higher volt-
ages have to be used for the same gain. This is not usual-
ly a serious handicap, and may even be an advantage
if a rapid response is required. Furthermore, the alkali
film acts as a getter in the tube, av ery useful role bear-
ing in mind the effect of gases such as oxygen, hydro-
gen and carbon dioxide on the photocathode: if just a
few atomic layers of these gases are adsorbed, the
sensitivity is almost completely destroyed. The degas-
sing of the components of the tube, particularly those
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subject to electron bombardment, therefore has to be
carried out with particular care. However, the result on
the dark current is truly remarkable ( fig. I).

A photomultiplier that gave serious prdblems in
this respect in production is the XP 1020. In order to
reduce fluctuations in transit time it proved necessary
to use rather high electric fields between certain elec-
trodes. Its dark current is on average 10? electrons per
second. But a few experimental tubes made using the
transfer technique have a dark current which on aver-
age is a hundred times smaller.
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One final point should be made: masks can be placed
in the activation enclosure during the evaporation, in
order to obtain a sharp delineation of photocathode
surfaces. When such masks are used either a cathode of
small surface area, and hence giving little thermionic
emission, can be deposited on the window, or several
electrically separated cathodes (PM 450 FH, PM 450
FQ 3]). The emission of each cathode element can
then be switched on or off at will by switching pulses.
A photomultiplier of this type can be used as a detec-
tor of position.
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Fig. 1. Amplitude distribution of signal and noise pulses for various photomultipliers.

a) Noise signal (solid curves) and signal obtained for continuous illumination (dashed curves),
from the tube 403 F made by the transfer technique (curves /) and the tube 56 AVP 03 made
by the conventional pumping method (curves 2).

b) Noise of XP 1020, made by the transfer technique (solid curve J) and by the conventional
pumping method (solid curve 2). The signal obtained for continuous illumination has the same
amplitude distribution in both tubes (dashed curve).

The transfer technique is now being used at the Brive
works in making short runs of ruggedized tubes de-
rived from the PM 400 [}, These tubes, represented
typically by the PM 403 F [3], are suitable for use in
space vehicles and satellites; their dark current lies
between 20 and 50 electrons per second. A fact typical
of the purely thermionic character of this current is
that the amplitude distribution [ of the dark-current
pulses is identical with that of the pulses produced by
photoelectrons (curves 7 and 5 of fig. 1).

The example of the XP 1020 illustrates clearly the
advantage to be gained by using the transfer technique
in making fast-response tubes. Infactthespeed of re-
sponse increases with the voltage, and this is limited in

practice to a value at which it does not give field emis-’

sion. The transfer technique thus makes it possible in
principle to break through this barrier and use tubes
at markedly higher voltages. We hope to be able to
exploit this possibility in the near future.

Let us now turn to two rather newer types of photo-
multiplier for which the transfer technique has made
an even more noteworthy contribution.

Hybrid photomultiplier

In a hybrid photomultiplier (fig. 2) the amplification
of the photoelectric signal is no longer produced by
secondary emission; the photoelectrons are accelerated
to an energy E (10 to 40 keV) and then absorbed at a
semiconductor junction, where each photoelectron will
cause a large number of electron-hole pairs, given by:

E—Ey
Eq

b

(1) G, Piétri and J. Nussli, Design and characteristics of present-
day photomultipliers, Philips tech. Rev. 29, 267-287, 1968
(No. 8/9).

21 R, Legoux, The transfer technique, a new method for acti-
vating cathodes of phototubes, page 234 of this issue.

31 Developed under contract from Centre National d’Etudes
Spatiales.
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where Ey is the energy lost in the window of the detec-
tor, and Ejp is the mean ionization energy of the semi-
conductor material (in general Ey = 3.6 eV for silicon).
A reverse bias is applied to the junction and the depth
of the space-charge region, where the charge carriers

YOIy

Fig. 2. Hybrid photomultiplier, schematic. P photocathode.
F focusing electrode. Acc accelerating electrode. D semiconduc-
tor detector.

are liberated, is chosen to suit the depth of penetration
of the photoelectrons, some tens of microns. The
surface area of the junction, between 10 and 100 mm?,
has to be chosen as a function of the geometric spread
- of the electron beam (i.e. the focusing), of the permis-
sible capacity, and of other parameters. The window,
which is one of the electrodes of the junction, has a
thickness which should be sufficiently small to absorb
only a small part of the energy of the photoelectrons.
These junctions are thus closely related to those cur-
rently used for the detection of charged particles. With-
out going further into the theory and practice of these
detectors, we can just mention that their dark current
and breakdown voltage are related mainly to leaks at
the surface of the junction; these parameters are there-
fore extremely sensitive to any desorption or adsorption
of impurity atoms. ,

Thus, two particular difficulties made themselves ap-
parent dufing the early attempts to incorporate such
elements in a phototube: The characteristics of the
junction have to be maintained not only in the vacuum
but also after baking out at 350 °C for several hours;
on the other hand the alkali metals deposited on the
detector surface must not increase its leakage current
to an undesirable degree.

VOLUME 30

These semiconductor detectors are designed and pro-
duced at R.T.C. La Radiotechnique-Compelec (Caen
laboratories). Various solutions for the first difficulty
in making a hybrid photomultiplier were therefore
investigated at these laboratories. The second difficulty,
however, could be overcome by using the transfer
technique. This is all the more impoitant since the
problems of field emission, which had already proved
difficult with the voltages used in conventional photo-
multipliers (less than 3 kV), threatened to become in-
superable at voltages between 10 and 40 kV.

The first hybrid photomultiplier was produced by
R. Kalibjian 4], who was attempting to achieve a linear
region for pulses up to and above 5 A. Work of this
type is being carried out at Hyperélec (Brive) and also

‘at R.T.C. Caen, where a detector based on the prin-

ciple of “inverse epitaxy” [5] has been developed.

We shall now turn to another type of hybrid photo-
multiplier, developed at LEP, which has been devised
for a different purpose, namely to give a reduced sta-
tistical fluctuation in the gain.

In a conventional photomultiplier {11 these fluctua-
tions, which are proportional to 1/)/d, arelarge because
the gain § is small (about3) and also because the num-
ber of secondary electrons collected varies from one
dynode to the other. For scintillation detection (y-
spectroscopy) this increases the fluctuations due to the
photomultiplier by 20-30% compared with the ideal
case in which only the number of photoelectrons (n)
fluctuates. If n is very small, any information about its
value is blurred to the point at which it is no longer pos-
sible to distinguish pulses corresponding to 1 or 2 pho-
toelectrons by their amplitudes. The improvement ob-
tained with the hybrid photomultiplier can be illus-
trated as follows: The absolute fluctuation Adg in
the collected charge is given approximately by
Ag ~ G xgqx1.5 }/n, where G is the gain of the photo-
multiplier and ¢ is the charge of the electron. On the
other hand, in a hybrid photomultiplier with a supply
voltage of 35 kV the fluctuation about the mean
value of 104 electron-hole pairs produced, although
not as small as the corresponding theoretical value
of 1//10000 =0.01, is nevertheless considerably small-
er than in a conventional photomultiplier. This fluctu-
ation, which is usually quoted as a resolution expressed
in keV, is in the hybrid photomultiplier related to
the effect of various processes that take place in the
semiconductor, to the fluctuation of its dark current,
and to the noise of the amplifier. At the present
time values of 10 keV are obtainable, which corre-
sponds to an absolute fluctuation of the charge in
the region of 0.3 Gg for a hybrid photomultiplier
with a supply of 35 kV (G = 10%). Retrodiffusion (in-
elastic reflection of a small part of the photoelectrons)
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Fig. 3. Amplitude distribution of pulses obtained from a hybrid
photomultiplier developed at LEP, a) with luminous pulses
produced by a brief spark discharge, ) with the scintillations pro-
duced by the f-rays of tritium in a liquid scintillator.

The density of pulses counted is plotted against the number
of electrons liberated at the photocathode (total charge Q — meas-
ured in the electronic charge ¢ — divided by gain G). The dashed
lines indicate the spectra that would be obtained with a conven-
tional photomultiplier.

introduces an inaccuracy that becomes greater as #,
the number of electrons, increases. Fig. 3 shows vari-
ous spectra obtained with a hybrid photomultiplier.
The semiconductor used is a P-N junction (of planar
configuration) with a guard ring; its edges have been
passivated by SiOs to limit leakage currents. Its surface
area is 12 mm?.

It is true that a photomultiplier of this type requires
a power supply that gives very high voltage and low-
noise amplifiers of high gain, but such units are now
readily available. On the other hand, since the gain now
varies linearly with the voltage (and not as V10 or V12),
the regulation does not have to be so accurate. Finally,
such a photomultiplier may well have a much better
stability for variationsin parameters such as the count-
ing rate or the temperature.

[11 R. Kalibjian, A phototube using a semiconductor diode as
the multiplier element, IEEE Trans. NS-13, No. 3, 54-62, 1966.

151 J, Fertin, B. Lach, J. Meuleman, J. Dupuis, L’Hermite and
R. Petit, Reverse epitaxial silicon diode for hybrid photo-
multiplier tube, IEEE Trans. NS-15, No. 3, 179-189, 1968.

6] J, Adams and B.W. Manley, The channel electron multiplier,
a new radiation detector, Philips tech. Rev. 28, 156-161, 1967.

7 G. Eschard and R. Polaert, The production of electron-
multiplier channel plates, page 252 of this issue.
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Microchannel phot